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Vibration patterns and radiation behaviour
of loudspeaker cones

F. J. M. Frankort

Many treatments of loudspeakers begin with the comment that the loudspeaker is the
weakest link in the audio reproduction chain. The complex vibrational behaviour of the
conical loudspeaker diaphragm, which noticeably affects the frequency response of the
loudspeaker, has been a frequent challenge to mathematical analysis. Only recently
however, with the availability of the computer to carry out extensive numerical com-
putations, has it been possible to obtain any detailed picture of the behaviour of the loud-
speaker cone. The picture gives a satisfactory explanation of the irregularities in the
behaviour of the cone as a radiator, which had long been known from acoustic meas-
urements. At the same time it has now become possible to indicate the dimensions and
material properties that will produce the desired frequency response.

Introduction

The behaviour of the conical diaphragm, a shape
that was intuitively chosen for loudspeakers right from
the beginning, is rather complex. The audible sound
spectrum contains widely different frequencies (about
16 Hz to 20 000 Hz); when alternating currents of these
frequencies are fed to a single loudspeaker, the dia-
phragm will be caused to vibrate in different modes of
lower and higher order. It is only at low frequencies
that the cone vibrates as a rigid body. It is not stiff
enough to withstand the inertial forces that occur at
higher frequencies; it starts to vibrate in parts and the
_ cone is said to ‘break up’. The higher-order modes of
vibration that now appear enable the loudspeaker to
fulfil its function at higher frequencies and set the air
in motion.

The amount of the air displacement depends to a
great extent on whether the cone is caused to vibrate at
its resonant frequencies. Hence the marked variation
of the sound radiation as a function of frequency. As
can be seen in fig. I, measurement of the pressure
response with a microphone at some distance from the
loudspeaker produces a rather irregular curve.

In the ideal case the sound radiation would have the
same amplitude at all frequencies, and the frequency

Dr Ir F. J. M. Frankort, now teaching at the Hogere Technische
School, Heerlen, was formerly with Philips Research Laboratories,
Eindhoven.

response would be linear. Loudspeaker cones that
approximate to this requirement have hitherto been
designed mainly on empirical lines. An efficient design
procedure requires detailed knowledge of the radiation
behaviour and its effect on the properties of the cone
material. The necessary detailed information can be
obtained by setting up the differential equations that
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Fig. 1. Example of the frequency characteristic of a loudspeaker.
The sound-pressure level L, is measured as a function of the
frequency f at a distance of 10 metres. The loudspeaker was
mounted in a baffle.
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describe the cone vibrations and then, in the absence
of an analytical solution, solving them numerically for
. a large number of frequencies. This is now possible
with the computer.

In this way frequency and directivity characteristics
can be calculated. We have made such calculations and
found that the general shape of the curves agrees well
with the measured curves [1. This agreement largely
depends on the correct prediction of the various natural
frequencies of the cone. Once these are known, together
with various other characteristic frequencies, the shape
of the frequency response can be broadly predicted.
Conversely, in designing a loudspeaker cone, it is pos-
sible to derive the locations of the characteristic fre-
quencies from the shape of the desired characteristic.

To obtain a good understanding of the numerical
results it is necessary to take into account the behaviour
of the longitudinal and transverse waves on an elastic
cone. Before presenting the results of the calculations,
we shall therefore give a general picture of this behav-
iour when certain simplifications are introduced. The
complexities in the vibrational behaviour of an elastic
conical diaphragm are of course not encountered in the
hypothetical case of a diaphragm in which every point
describes the same movement, so that it moves to and
fro like a rigid piston. This hypothetical case will serve
to introduce some important concepts and define some
characteristic frequencies.

Rigid cone

Fig. 2 shows a cross-section of a typical loudspeaker
construction. The conical diaphragm D is flexibly
mounted by means of an outer suspension or rim OS
and an inner suspension 7.S. This method of suspension
only allows an axial motion. The drive force is supplied
by the voice coil ¥C, which moves in the air gap of a
permanent magnet M. The mass of the cone and voice
coil and the stiffness of the suspension form the
elements of a spring-mass system, whose resonant fre-
quency is fo.

Above this frequency the alternating drive force
mainly serves to overcome the inertia of cone and voice
coil. If the force is the same at all frequencies the
amplitude of the acceleration will also be the same at
all frequencies; the velocity decreases with increasing
frequency.

What consequences does this have for the sound
radiation? To answer this question we calculate the
sound pressure that the movements of the diaphragm
produce at a point some distance away from the loud-
speaker. We treat the vibrating diaphragm here as a
collection of point sources uniformly distributed over
the surface, and we add together the contributions

N
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Fig. 2. Cross-section of a loudspeaker; D diaphragm. OS outer
suspension. IS.inner suspension. V'C voice coil. M permanent
magnet.

from all these point sources. For simplicity we first
consider the diaphragm as a flat piston and assume
that it vibrates in an infinite baffle. Assuming that the
amplitude of the piston velocity is fixed, we then find
that the sound pressure at the point of observation
increases linearly with the frequency. This increase
exactly compensates for the velocity decrease due to
inertia, and the result for a fixed drive force is thus a
fixed frequency-independent sound pressure.

This is valid above fy, but only for low frequencies.
The pathlength to the point of observation is not the
same for all the individual point sources on the piston,
and therefore their contributions to the total sound
pressure do not arrive exactly in phase. In the case of
very long waves the differences in pathlength is not
significant, but at shorter wavelengths, i.e. higher
frequencies, it leads to phase differences that cannot be
neglected. These are greater for radiation to the sides,
so that the piston does not radiate the same power in
all directions; at higher frequencies the piston exhibits
a directional effect. The forward radiation is the
strongest, and therefore sound-pressure measurements
are nearly always made with the microphone on the
axis of symmetry of the loudspeaker.

When a frequency characteristic is recorded with a
microphone on the axis of the piston, nothing is
noticed of the directivity at higher frequencies (see the
frequency characteristic in fig. 3a, dashed curve).
However, when the total sound power radiated in all
directions is measured (e.g. by using several micro-
phones) a decrease is observed when the directivity
starts to appear (fig. 3b, dashed curve). The transition
is gradual, but for practical reasons we define a transi-
tion frequency fi. When the horizontal and sloping
parts of the dashed curve in fig. 3b are extended, they
intersect at this frequency. The sound wavelength at
this frequency is found to be approximately equal to
the circumference of the piston.

We shall now go a step further and assume that the
rigid piston has the shape of a loudspeaker cone. The
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calculation of the sound radiation now becomes more
complicated. At higher frequencies, where the depth
of the cone is no longer negligible compared with the
wavelength, or may even be greater than the wave-
length, the radiation deviates from that of the flat
piston. The radiation from different parts of the cone
then arrives at the point of observation with appre-
ciably different phases, even when the point is on the
axis of the loudspeaker. This results in a lower sound
pressure at this point (see fig. 3a, solid curve). For the
beginning of this decrease a cut-off frequency f; is
defined, at which the sound wavelength is about three
times the cone depth. Cones with a conventional apex
angle have an f; greater than f;.

Flexible cone

In reality a loudspeaker cone is by no means a rigid
body. Above certain frequencies both transverse and
longitudinal waves appear in the conical shell. These
waves are coupled and together determine the vibration
pattern, which considerably affects the air displace-
ment. If we compare the measured frequency charac-
teristic in fig. 1 with the calculated solid curve in fig. 34,
we see from the actual characteristic that the loud-
speaker will function up to much higher frequencies.

In the discussion that now follows of the coupling
between transverse and longitudinal waves we shall
encounter a rather interesting resonant mode, which
does not occur in a flat plate, and has an important
bearing on the behaviour of the cone as a radiator.

Two types of wave

In a flat plate the transverse and longitudinal waves
do not affect one another. Both types of wave propagate
faster the stiffer the medium. Since the plate is much
stiffer for longitudinal compression and expansion than
for bending, the longitudinal waves are much longer
than the bending waves.

In a cone the situation is more complicated. In gen-
eral the two wave motions cannot exist independently.
A displacement normal to the cone surface leads to a
displacement along the surface of the cone, and vice
versa. This may be illustrated for a conical ring, on the
inner edge of which a uniformly distributed longitud-
inal force Fi is exerted (fig. 4a), giving a longitudinal
displacement u. An increase in the diameter of the ring
is therefore implied; as a result of the extension a
tension appears in the ring, directed at all points along
the tangent to the circumference. Considering a seg-
ment of the ring (fig. 4b) we see that the tensile forces
at the two ends of the segment result in a force F,
directed towards the centre of the ring. This force lies
in the plane of the ring (fig. 4c) and can be resolved into
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Fig. 3. a) Frequency characteristic of the sound-pressure level L,
with a rigid piston (dashed curve) and with a rigid cone (solid
curve). b) Frequency characteristic of the total sound power
radiated inside a conical region of apex angle 100°, f; frequency
above which a rigid piston gives a directional effect. f; frequency
above which pathlength differences due to the depth of the cone
reduce the sound radiation.
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Fig. 4. Longitudinal displacements in a cone set up transverse
forces, and vice versa. a) Side view of a conical ring (semi-apex
angle a), on which a distributed force Fy acts in the longitudinal
direction. # longitudinal displacement. 4) The longitudinal dis-
placement sets up a tension in the ring. The tensile forces at the
ends of a part of the ring result in a force F. directed towards
the centre. ¢) Cross-section. Fe has a transverse component Fy
and a longitudinal component Fy’.

(11 An extensive treatment is given in F. J. M. Frankort, Vibra-
tion and sound radiation of loudspeaker cones, Thesis, Delft
1975, also published as Philips Res. Repts. Suppl. 1975, No. 2.
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a transverse component Fy and a longitudinal com-
ponent Fy'. In the equilibrium position Fi’ is equal and
opposite to F. The applied longitudinal force Fi thus
gives rise to a transverse force Fi, whose magnitude
depends on the apex angle of the cone.
Both types of wave propagate from the apex of the
" cone to the edge and back as well as in circular paths
parallel to the circumference of the cone. The outward-
travelling waves are reflected at the edge and also at
the point where the drive is applied. At certain frequen-
cies standing waves occur ( fig. 5a), and the nodal lines
then appear as concentric circles. These standing waves
occur only at higher frequencies and greatly affect the
sound radiation.

In the case of wave propagation in circular paths, standing
waves occur at frequencies where a circular path is exactly two
or more wavelengths long (fig. 55). Nodal lines then appear along
generatrices of the cone. Since the bending stiffness of the cone
is relatively small for circulating waves, the propagation velocity
is low and these standing waves appear even at low frequencies,
e.g. at about 100 Hz for a typical 20-cm (8-inch) loudspeaker.
They have very little effect on the sound radiation since the
parts of the cone moving in antiphase are so close together that
at these low frequencies their effects are practically cancelled
out, an effect known as ‘acoustical short-circuiting’. This mode
of vibration will not therefore be considered here.

Fig. 5. Cone with standing-wave pattern of @) outgoing and
reflected waves, b) circulating waves. The vibrational modes in
(b) radiate little sound.

An interesting resonance effect

If the loudspeaker diaphragm is a truncated cone, it
has both an inner and an outer edge; the drive force is
applied to the inner edge. When the waves propagated
from the inner edge return to it in phase after reflection
from the outer edge they increase the amplitude of the
displacement there; this is referred to as a resonance.
There will also be frequencies, however, for which the
waves return to the inner edge in antiphase and oppose
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the displacement; here we have an antiresonance. This
holds both for longitudinal and for bending waves and
it applies not only for a cone but also for a flat ring.

In the case of a cone the coupling between lon-
gitudinal waves and bending waves gives rise to an
antiresonance that is not encountered in_a flat ring.
The frequency at which this antiresonance occurs is a
characteristic frequency of the cone: bending waves
only occur above this frequency.

To explain this special mode of vibration we first
consider a narrow conical ring to which, as in fig. 4, a
longitudinal force Fy is applied; see fig. 6. We now
assume, however, that Fi is a sinusoidally alternating
force, which implies that inertia will come into the
picture.

To begin with we can consider that the ring has a
characteristic mode of vibration in which it alternately
contracts and expands while retaining its shape; the
ring vibrates in a plane perpendicular to the axis and
its centre of gravity remains at rest (fig. 6a). The
elasticity of the ring provides the spring component of
the spring-mass system. The mode occurs at the ring
resonant frequency frr. If the drive force F alternates
at this frequency, then the longitudinal displacements
u and the transverse displacements w would both
become infinitely large in the absence of damping, and
so would the amplitude of the velocity in both direc-
tions. The mechanical impedance, defined as force
divided by velocity, would then be zero at this fre-
quency.

This mode of vibration is not specific to a conical
ring; it also occurs in rings of other cross-sections.
However, in the case of the antiresonance mentioned
above, which is confined to a conical ring and occurs
only at a frequency fra <C frr, a vibration is found at
which, in spite of the longitudinal drive, the lon-
gitudinal amplitude is small (in the theoretical case
with no damping it is in fact zero; fig. 6b). We call the
frequency frs the ring antiresonant frequency. At this
frequency the force Fi encounters a high mechanical
impedanée (infinitely high with no damping). Never-
theless, this antiresonance is essentially longitudinal,
since the circumference of the ring becomes alternately
larger and smaller. This longitudinal antiresonance can
also be considered as a transverse resonance of the ring
mass and the transverse component of the spring
formed by the elasticity of the ring. In this form of
motion, however, the centre of gravity of the ring is not
at rest. In other words, instead of a free vibrational
mode of the ring we have a forced vibration, which can
only occur when the drive is longitudinal as described
above. The axial component of the drive produces the
movement of the centre of gravity, in accordance with
Newton’s laws of motion.



Philips tech. Rev. 36, No. 1

Fig. 6. Mode of vibration of a conical ring for a) resonance,
b) antiresonance. u longitudinal displacement, w transverse dis-
placement. At the antiresonance the longitudinal displacement
is zero even though the drive is provided by a longitudinal force
F.

The resonance effects described related to a ring. We
shall now, by way of approximation, consider the
loudspeaker cone as a set of coupled conical rings.
Each ring can be considered as a concentrated mass
and a spring, so that the complete cone can be much
more simply represented by a system of masses and
springs (fig. 7). Each ring can be excited at its anti-
resonant frequency fra. The transverse amplitude then
becomes large.

The frequency fra is lowest for the outer ring, since
this has the largest mass and the weakest spring. As the
frequency increases, the resonance effect gradually
travels inwards, and eventually arrives at the inner
edge. The ring in resonance marks a transition circle.
On the stiffer part of the cone, inside this circle, the
waves that occur are mainly longitudinal; on the part
outside it, which is less rigid, they are mainly bending
waves. On the transition circle itself there is an exchange
of energy between longitudinal and bending waves.

N Sg5

Fig. 7. Representation of a cone as a system of masses m and
springs with stiffnesses 51 in the longitudinal direction and sg in
the azimuthal direction. The values of m increase -the further
they are from the centre, and the values of s, decrease.
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The frequency at which the resonance at the outer
edge begins is called fio. The resonance reaches the
inner edge at the frequency fii; the entire cone is then
covered with bending waves.

In the vibrational behaviour of a cone the lon-
gitudinal displacement u; at the inner edge is of con-
siderable importance. If the cone consisted of only one
ring, this displacement would be zero at the ring anti-
resonant frequency fra. An actual cone can be approx-
imated by a ring of radius equal to the outer radius R,
of the cone, which is connected by a relatively stiff part
to the inner edge of the cone. The stiff part transmits the
force to the outer ring but adds mass to the system. For
the cone as a whole, therefore, the frequency fra at
which u; is zero is lower than the antiresonant frequency
Jto of‘the outer ring itself. The difference, however, is
not very great, and instead of fra it may often be more
convenient to use fio, whose value is much easier to
calculate. The value of fra can only be calculated
numerically from the equations of motion of the com-
plete cone.

Calculation of the cone vibrations

The representation given in fig. 7 is of course a
considerable simplification. In reality, there are not
only tensile stresses acting on an element of the conical
shell, but bending moments as well. There is also damp-
ing, caused by the radiation of acoustical energy and
also by internal losses in the material and suspension
of the cone. If we wish to take all these factors into
account, the simple models used so far are inadequate.
We then have to resort to a complete mathematical
treatment. A description that takes all the forces and
moments into account, but not the damping, has eight
simultaneous first-order differential equations with
eight unknowns.

Disregarding the vibrational modes with diametric
nodal lines (fig. 5b) since they make no contribution to
the sound radiation, we can reduce this set to six
simultaneous differential equations. The six unknowns
are all expressed as a function of the coordinate x along
a generatrix of the cone (at the apex of the cone x is
zero, at the inner edge a, at the outer edge b). For the
solution of the six equations three boundary conditions
are imposed at each edge of the cone. The equations are
solved by direct numerical integration (2], carried out
for a large number of different frequencies. If the damp-

21 First applied to these problems by J. E. Goldberg, J. L.
Bogdanoff and L. Marcus (On the calculation of the axi-
symmetric modes and frequencies of conical shells, J. Acoust.
Soc. Amer. 32, 738-742, 1960) and refined by A. Kalnins
(Analysis of shells of revolution subjected to symmetrical
and nonsymmetrical loads, Trans. ASME E (J. appl. Mech.)
31, 467-476, 1964; Free vibration of rotationally symmetric
shells, J. Acoust. Soc. Amer. 36, 1355-1365, 1964).
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ing is included, all the fundamental variables become
complex numbers, in which case we have twelve dif-
ferential equations and twelve boundary conditions.
In some of the results we shall later present the damp-
ing is taken into account.

The boundary conditions follow directly from the
loudspeaker construction. The connection between the
inner edge of the cone and the voice coil consists of a
stiff rim strengthened by adhesive, and the inner sus-
pension ensures that only axial motion is possible. We
therefore assume in the calculations that the inner edge
of the cone is clamped to an infinitely stiff ring of zero
mass and that the movements of the ring are purely
axial. The purely axial movement implies a fixed ratio
between transverse and longitudinal amplitudes at the
inner edge; this is one of the boundary conditions.
Another boundary condition relates to the clamping of
the inner edge (dw/dox = 0); the third boundary condi-
tion is that the forces at the inner edge are in equilib-
rium. The boundary conditions for the outer edge are
that it has freedom of movement, implying that all
forces and moments there are zero.

It can be shown that the mechanical impedance to
the axial drive force is given by:

Zs = Zt sin2a -+ Zj cos2a.

In this expression Z; is the transverse and Z; the lon-
gitudinal impedance that would be present at the inner
edge of the cone in the absence of the stiff ring. The
transverse impedance, which is connected with the
bending stiffness of the cone, is generally much smaller
than the longitudinal impedance, which is determined
by expansion and compression in the plane of the
conical sheli. It is primarily Zi, therefore, that deter-
mines the amplitude of the displacements of the inner
edge.

A diagram of the situation is shown in fig. 8, where
the impedances Zy and Z1 are represented by springs
with the stiffnesses st and s). It can be seen that if the
stiffness s¢ is much smaller than si, the axial motion
depends mainly on s1.

The outer suspension is not included in the calcula-
tions. The damping it normally introduces is accounted
for by using a higher internal damping in the calcula-
tions than the actual value for the cone material.

The vibration patterns in different frequency regions

We have calculated the transverse and longitudinal
displacements of a cone with characteristics like those
encountered in practice. We shall refer to this as cone
50.1; the number 50 indicates the semi-apex angle in
degrees (the geometry and material parameters are
given in Table I). For simplicity the internal damping
is assumed to be zero (D = 0).
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From the transverse amplitude w(x) and the lon-
gitudinal amplitude u(x) we have plotted the magnitude
and direction of the resultant motion for a number of
points on the cone. The vibration patterns of a cone
cross-section obtained in this way are shown in fig. 9a-i.
Three frequency regions can be distinguished. The first
(region I) contains the frequencies up to the appearance

St

St

T

a

Fig. 8. Illustrating the mechanical impedance to an axial force Fq
on the inner edge of a cone. The impedance is represented by the
simultaneous action of two springs. s¢ impedance to transverse
displacements. s1 impedance to longitudinal displacements. The
inner edge is capable of axial motion only. In practice the longi-
tudinal impedance predominates and mainly determines the dis-
placements.

Table I. Dimensions and material constants of the loudspeaker
cones mentioned in the article. The letter e after a number indi-
cates an experimental cone; the others are calculated examples.
o semi-apex angle. R; inner-edge radius. R, outer-edge radius.
h thickness of cone material. £ Young’s modulus. g density.
v Poisson’s ratio. D internal loss factor. PC polycarbonate.
CAB cellulose acetobutyrate.

S\?rrlﬁ)er Geometry Material

« | Ri | Ro| K E [} v D

(10° | (kg

() |(mm)|(mm){(mm)| N/m?)|/m?)
50.1 50 | 17 | 83 [0.23| 2 600/0.3 | 0.1
50.2e 50 | 17 | 83 [0.23] 2.4 |1200]{0.35]|0.014 | PC
50.3 50 | 17 | 83 |0.23] 2.2 |1160]{0.3 | 0.1
50.3e 50 | 17 | 83 ]0.27| 2.2 |1160]0.34]| 0.06 |CAB
60.1 60 | 17 | 83 |0.1 2 600]/0.3 | 0.1
60.2 60 | 17 | 83 |0.26| 2.2 |1160|0.3 | 0.1
60.2¢ 60 | 17 | 83 |0.26{ 2.2 [1160]/0.341 0.06 |CAB
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z

Fig. 9. Vibration patterns, composed of the calculated transverse and longitudinal displace-
ments w and « on cone 50.1 (see Table I). The figures are not to the same scale.

a) 1000 Hz
b) ring antiresonance, fra = 1840 Hz
¢) 2200 Hz
d) first bending resonance, fur1 = 2360 Hz
e) first bending antiresonance,
fbn1 = 2418 Hz

f) second bending resonance, furz = 2668 Hz

of the transition circle at the outer edge of the cone,
i.e. up to frequency fio. In this region there are as yet
no bending waves on the cone. These first appear in
region II, in which the ring antiresonance gradually
progresses from the outer to the inner edge. In the
innermost part the cone motion is still almost uniform.
At the frequency f}; the ring antiresonance has reached
the inner edge; this is the upper limit of region II. In
region III the ring antiresonance has disappeared from

£) second bending antiresonance,

Sfoae = 2750 Hz

/) third bending resonance, furs = 2993 Hz
i) third bending antiresonance,

JSuoas = 3083 Hz

Jj) 13000 Hz; the curves of w and « along

the cone are plotted separately

the cone and the entire surface of the cone is covered
with bending waves.

Displacement patterns for frequency region I are
given in fig. 9a, b and c¢. Fig. 9a shows the vibration
behaviour at 1000 Hz. At this relatively low frequency
the cone may be considered as a first approximation to
vibrate as a rigid body. When the frequency is raised
the amplitudes at the inner edge decrease whereas they
increase at the outer edge. At the ring antiresonant
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Fig. 12. Calculation of the axial mechanical admittance Y, at the
inner edge of cones 50.1 and 60.1 as a function of frequency.
The ‘points’ indicate the locations of frequencies fio and fu. At
low frequencies the cone mass predominates. At fry a minimum
occurs; fio lies just above it. Between fio and fu the bending
resonances and antiresonances in cone 50.1 give rise to a fine
structure. Above fui the curve is determined by the longitudinal
resonances and antiresonances.
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Fig. 13. Calculation of the total axial mechanical admittance Yot
as a function of frequency after the addition of the voice-coil

mass to cone 50.1. Curve Y, from fig. 12 has been added: for.-:

comparison.

tions associated with the bending waves are less
pronounced; in fig. 12 they can no longer be seen.

The mass of the voice coil is not taken into account
in fig. 12. In practice its effect is considerable and can
even be dominant at high frequencies; the admittance
oscillations due to the longitudinal resonance effects
cause no more than a ripple on the curve determined by
the voice-coil mass (see fig. 13).
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Calculated frequency characteristics

To draw the frequency characteristic of a loud-
speaker in sufficient detail it is necessary to perform
calculations at some fifty well chosen frequencies. The
calculation of localized vibration amplitudes takes a
considerable amount of computer time (about two
minutes for each frequency with an IBM 370/168; the
acoustic variables take somewhat less). Our initial cal-
culations were made with the mass of the voice coil
taken as zero. This gives a basic curve, and very little
extra computing time is required in correcting for the
effect of the voice-coil mass, which is of a simple nature.
This allows different values for this important param-
eter to be introduced at a later stage for a rapid deter-
mination of its effect on the curve.

Fig. 14 shows the result of calculations on cone 50.1.
First of all we calculated the level L, of the sound
pressure at an axial distance of 10 metres from the
loudspeaker (fig. 14a). A drive force with an amplitude
of 1 N is assumed. We also calculated the level Lpigo
of the acoustic power radiated in a conical region of
apex angle 100° (fig. 14b). Calculation of the sound
pressure is unrealistic for field points lying outside this
conical region, which is bounded by the loudspeaker
cone itself with its apex angle of 100°.

The results may be compared with the solid curves in
fig. 3, relating to a rigid cone of the same dimensions.
Below fra (1840 Hz) the sound radiation from both the
flexible and the rigid cone is almost identical with that
from a rigid piston. Since the mechanical admittance
has a minimum at f;,, we also expect a minimum there

90dB
Lp
80
T 70
60 't
a e el by MM

100d8
Lpioo
90
T 80
I |fto T 1;'.111'
b 70702 2 5 g1p° 2 5 ¢ 2 5 10°Hz
- f

Fig. 14. a) Sound-pressure level Ly on the axis of cone 50.1
(calculated curve neglecting voice-coil mass; distance 10 m, drive
force 1 N). The level is expressed in decibels relative to a reference
level of 20 pPa. b) Acoustic power level Lpigo, radiated within a
conical region of apex angle 100°. The level Lpigo is expressed
in decibels relative to 10~12 W. Some characteristic frequencies
and the frequency regions I, IT and III are given.
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in the sound-pressure response; this is not found
because of the compensation provided by the high
transverse amplitude at the outer edge (see fig. 10a).
The decrease in the sound pressure expected for a cone
above f¢ (here 1580 Hz) cannot be seen because fc and
Jfra are relatively close together. The power response
shows a slight decrease above f; (920 Hz); see fig. 14b.

In frequency region II (fio <f << fu) the sound
radiation is predominantly controlled by the relatively
uniformly vibrating inner part of the cone; the short
bending waves on the outer part of the cone are
‘acoustically short-circuited’ and radiate little sound.
The characteristics in this region have a broad maxi-
mum with a superimposed fine structure of bending
resonances and antiresonances, followed by a deep
minimum at the first longitudinal antiresonant fre-
quency fia1 (7513 Hz), where there is a minimum in the
mechanical admittance (fig. 12, curve 50.1). In the
high-frequency region (region III, f > fii) the pressure
response shows the same oscillating character as the
mechanical admittance; peaks and dips alternate at
longitudinal resonant and antiresonant frequencies.

If we now take the voice-coil mass into account, the
characteristics change shape at the high frequencies.
We have already noted that the mechanical admittance
at high frequencies is entirely determined by the voice-
coil mass; in the acoustic response curves this appears
in a steep drop in frequency region IIT (see fig. 15). If
this drop begins above the sharp minimum at the first
longitudinal antiresonant frequency fia1, this frequency
will then in practice be the upper limit of the frequency
range of the loudspeaker. The decrease due to the
voice-coil mass, however, may begin in region II.

Comparison of measured and calculated characteristics

To test the theory against practical experience, the
sound radiation was both measured and calculated for
cones of various apex angles. Here again, plastic cones
were used, but this time of different composition (cel-
lulose acetobutyrate). The cones were provided with a
rubber outer rim. The internal damping or loss factor
of the material was 0.06, which is considerably more
than that of the polycarbonate used for the holographic
recordings. In those experiments it was important to
make the bending waves visible, but in the acoustic
measurements it was important to damp the bending
resonances. A loss factor of 0.1 was assumed to allow
for the damping at the rim and the radiation damping.
The assumed infinite baffle was approximated by a
closed acoustic box (volume 100 dm3) attached to the
middle of a square baffle (1.5x 1.5 m2).

In fig. 16a the solid curve is the measured sound-
pressure response of a cone with a semi-apex angle of
50° (cone 50.3e, in Table I); the dashed curve is the
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Fig. 15. @) Sound-pressure level L and b) power level Lpigo,
calculated for cone 50.1, with the voice-coil mass assumed equal
to half the cone mass.

calculated response for the same cone. The calculated
values of the various characteristic frequencies are
indicated. The main features of the measured curve
can all be explained from these values. The maximum
in frequency region II does indeed lie between fra and
/i and the characteristic does start to fall off at fia1.

The dip in the measured curve at 300 Hz is related to
the dimensions of the baffle. At low frequencies the
rest of the measured curve lies above the calculated
one, because of radiation from the outer suspension.
Above fra this suspension contributes little to the sound
radiation.

Measurements were also made of the total sound
power radiated within a conical region of apex angle
100°, with ten microphones arranged in an arc around
the loudspeaker. Because the ten signals had to be
summed, measurements could only be made at a num-
ber of discrete frequencies, yielding the values indicated
by the points in fig. 16b. In fig. 16¢ the measured and
calculated directivity diagrams are compared.

The characteristics relating to a cone with a semi-
apex angle of 60° (cone 60.2e, TableI) are given in
fig. 17. They give a lower maximum in region II.
Although they do not differ fundamentally from fig. 16,
most of the characteristic frequencies are lower.
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Fig. 16. Comparison of measured and calculated characteristics
of cones 50.3e and 50.3; the dashed curve relates to cone 50.3.
The calculated characteristic frequencies are given. a) Sound-
pressure level. b) Level of total acoustic power radiated within
a conical region of apex angle 100°. ¢) Directivity characteristics.
The sound-pressure level is plotted as a function of the direction
of radiation. '

1t may be concluded from the good agreement be-
tween the calculated and measured characteristics that
the calculation procedure gives a good approximation
to the actual behaviour of the cone.
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Fig. 17. Comparison of measured and calculated frequency
characteristics of cones 60.2¢ and 60.2.

The design of a loudspeaker cone

The primary consideration in the design of a loud-
speaker cone is to ensure that the characteristic fre-
quencies are properly located.

All the requirements cannot be satisfied simulta-
neously. A flat pressure and power response, a large
bandwidth and a high efficiency cannot all be achieved
at the same time. Every design must therefore be a
compromise.

If the flattest possible characteristics are required,
then to avoid the dip at f;, in the power response, fia
should not lie too far above f;. This has consequences
for the apex angle. If, for example, we take f;o smaller
than 2 fi, the semi-apex angle « of a paper cone, in
which the propagation velocity ¢ for longitudinal waves
is 2700 m/s, must be greater than 70°. Such a large
value of o implies a low maximum in region II, which
will help to give a flat response. In this region, however,
a distinct fine structure may easily arise, because with a
large apex angle the frequencies of the bending resonan-
ces and antiresonances lie further apart; o should there-
fore not be made larger than is absolutely necessary.

The steep decrease at high frequencies, caused by the
voice-coil mass, generally determines the upper limit
of the frequency range of the loudspeaker. To achieve
a high cut-off frequency the ratio me/ma between the
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After a trial model has been made in this way, it may
be found that the characteristics have an undesired
fine structure. The damping must then be increased or
the cone thickness reduced; neither of these measures
has much effect on the general shape of the frequency
characteristics provided the ratio me/mq and the fun-
damental resonant frequency fp are kept constant.

Summary. A loudspeaker cone gives complex and highly fre-
quency-dependent vibration patterns. With a computer numerical
solutions can be found for the set of simultaneous differential
equations that describe the vibration behaviour of a flexible
conical shell. Three frequency regions are distinguished: I. low
frequencies, the cone vibrates as a rigid body; Il. a ring on the
cone gives a special resonance, bending waves occur outside
this ring; III. high frequencies, the entire cone is covered with
bending waves. For the frequency characteristics of the pressure
response and total sound-power response of the cone to have

VIBRATION PATTERNS OF LOUDSPEAKER CONES 15

The spring constant of the cone suspension and the
characteristics of the electrodynamic drive can be in-
cluded in the model with very little extra complication.
Their influence can be immediately calculated by the
computer from relatively simple formulae. In this way
a very comprehensive loudspeaker design can be
produced.

the desired shape, it is necessary for the boundaries between the
regions to be correctly located; this determines the choice of the
radii of the outer edge and the voice coil, the apex angle and
the material constants of the cone. The bending resonances are
less pronounced for a thinner cone or material with greater
damping. For a high cut-off frequency the mass of the voice
coil must be low compared with that of the cone. Computer-
aided design is possible by calling up a visual display of pre-
viously stored calculated characteristics and modifying the
parameters.
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Fig. 2. The quantity ¢ of sodium released as a function of time ¢
at a current of 4.5 A for a sodium dispenser filled with AuzNa
(the new type) and for a dispenser filled with Na:CrO4 and Zr
(the conventional type).

mixture of gold and sodium in a hermetically sealed
molybdenum vessel. After the mixture has been pul-
verized to produce grains small enough to pass through
a sieve with a mesh of 125 yum, the material is intro-
duced into the same kind of container as the dispenser
mentioned above.

Since the filling of the new dispenser consists of only
one substance, the sodium vapour pressure it gives
under equilibrium conditions depends only on tem-
perature within very wide limits of composition as the
reaction proceeds. In the earlier type of dispenser de-
scribed above, the filling is formed from two substances,

SODIUM DISPENSER 17

no equilibrium is established and the vapour produc-
tion is also adversely affected by changes in the con-
centrations during operation.

The temperature at which the new type of dispenser
delivers sodium is very much lower: 685 °C instead
of 900 °C in the earlier type. The output is therefore
greater for the same current (fig. 2). The vapour pro-
duction of the new dispenser is also much less sensitive
to interruptions. If the current increases by 0.1 A/min
the first vapour appears at 4.1 A from the as yet unused
chromate dispenser of the conventional type, but after
the first interruption and cooling to room temperature
the next release is found at 3.5 A. When the same
procedure was followed with the new type, no change
was observed: the current remained unchanged at
3.0A.The amount of gas adsorbed from the air (Hz20,
Hs, CO, COz2 etc.), which is desorbed during the pre-
liminary degassing, and also the unavoidable residue
released during the vapour dispensing itself, are about
50% lower in the new type. Finally, the new type is
more resistant to damp air: it can be kept for weeks,
instead of days for the old type.

The advantages summarized here will be of obvious
interest in automated production.

Potassium- and caesium-vapour dispensers based on
the same principle are under development.

J. J. B. Fransen
J. H.-N. van Vucht

Ing. J. J. B. Fransen is with Philips Elcoma Division, Eindhoven;
Dr J. H. N. van Vucht is with Philips Research Laboratories,
Eindhoven.
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Observations of domains in ferroelectrics and ferromagnetics
with a scanning electron microscope

C. Michel

The case described in this article — work with a scanning electron microscope —
possesses two contrasting aspects. It shows, for both ferroelectricity and the electron
microscope, that a scientific and technical subject can reach a stage of renaissance even
without ever having been a true classic. For ferromagnetism, however, exactly the reverse
is true. The subject really is a classic, but SEM observations by means of magnetic-
contrast do not appear to be a very hopeful prospect for the future.

Detection of surface potentials

The scanning electron microscope offers about a
dozen different ways of obtaining contrast in the
images it can produce [1l. One of these is image
formation by voltage contrast. In this method the
secondary electrons emitted by the sample under in-
vestigation are detected. These secondary electrons are
produced by the scanning (primary) beam of the SEM.
The number of secondary electrons reaching the de-
tector will vary with the electrostatic potential at the
surface of the sample, giving a corresponding contrast
in the image. This method of imaging has been widely
used in the study of semiconductors and of micro-
electronic circuits (2],

The method can also be used to give a directly visible
presentation of the domain structure in ferroelectric
materials. This application is important because useful
electro-optic phenomena such as electrically controlled
birefringence and light scattering have been shown to
be related to the ferroelectric domain configuration in
the material concerned [3]. The study of the behaviour
of ferroelectric domains — in which the object is
. to find ways of controlling them — is by no means
easy. Certain interactions, such as those between elec-
trical and mechanical quantities, make the treatment
of ferroelectrics more complex than that of ferro-
magnetics.

In a ferroelectric the electrical polarization induces
surface charges. These charges produce the potential
fields on which image formation by voltage contrast
depends. The various domains in general have different
polarization directions, giving sufficient contrast for
direct study of the domains with almost zero delay.
Observation of domain structure by SEM does not

Dr C. Michel, formerly with Philips Laboratories, Briarcliff
Manor, N.Y., is now with Stauffer Eastern Research Center, Dobbs
Ferry, N.Y.,~U.S. 4.

necessitate the destruction of the material, as in tech-
niques such as chemical surface etching [4],

The resolution of voltage-contrast imaging is in prin-
ciple only limited by the diameter of the electron beam
(0.02 pm). This value represents a considerable im-
provement: the conventional direct methods such as
polarization microscopy and X-ray topography have a
resolution of about 1 um, because they depend on the
use of an ordinary optical microscope.

It is also possible to use the SEM for a kind of
‘dynamic’ observation of ferroelectric materials. The
electron beam then gradually builds up a surface charge
that induces ‘domain flipping’. This induced polariza-
tion switching and the associated redistribution of the
ferroelectric domains can be observed with the same
high resolution while it is actually taking place.

In the following sections some of our work in ferro-
electricity, with both single-crystal and polycrystalline
(ceramic) materials, will be discussed. The experiments
clearly illustrate the feasibility of voltage-contrast
imaging. A few preliminary details are given of the
samples used and of the instrument settings. The final
section of the article contains material on the — rather
limited — possibilities of observing ferromagnetic
domains by the somewhat analogous method of
magnetic-contrast imaging.

11 See for example D. B. Holt, M. D. Muir, P. R. Grant and
L. M. Boswarva (eds), Quantitative scanning electron micro-
scopy, Academic Press, London 1974; L. Reimer and G.
Pfefferkorn, Raster-Elektronenmikroskopie, Springer, Berlin
1973; and W. Kuypers and J. C. Tiemeijer, The Philips
PSEM 500 scanning electron microscope, Philips tech.
Rev. 35, 153-165, 1975 (No. 6).

[21 P. R. Thornton, Scanning electron microscopy, Chapman
and Hall, London 1968. See also W. H. Hackett, Jr, R. H.
Saul, R. W. Dixon and G. W. Kammilott, J. appl. Phys. 43,
2857, 1972.

31 C.E.Land, P. D. Thacher and G. H. Haertling, Electrooptic
ceramics, in: R. Wolfe (ed.), Applied solid state science 4,
137-233, Academic Press, New York 1974,

41 J. A. Hooton and W. J. Merz, Phys. Rev. 98, 409, 1955.
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Acoustic surface-wave bandpass filters

D. W. Parker, R. G. Pratt, F. W. Smith and R. Stevens

1t is only ten years since the invention of the interdigital transducer made the use of
acoustic surface waves a practical possibility in systems for signal processing. Since that
time many laboratories have been working on a wide range of circuit elements based on
acoustic surface waves. At Mullard Research Laboratories a group of scientists have
devised computer methods for designing filters that have a specified frequency response.
One of the devices that have been developed with the aid of these methods is an analogue
bandpass filter suitable for use as an intermediate-frequency filter in television receivers.

The interdigital transducer, two comb-like elec-
trodes interlocking with one another, allows electrical
signals to be efficiently and linearly converted into
acoustic signals in piezoelectric material; the acoustic
signals propagate in the form of surface waves.

If two such transducers are applied to a piezo-
electric substrate, the acoustic surface waves generated
by the first transducer can be reconstituted to an elec-
trical signal in the second transducer, giving a filter, as
we shall explain in more detail later. The frequency
characteristic of the filter depends on the geometry of
the two transducers (11,

The designation ‘acoustic’ is perhaps a little mis-
leading, since it might suggest that the surface waves
had frequencies in the audio range (about 20 to
18 000 Hz). In fact acoustic surface waves can have
very high frequencies (up to several GHz); the feature
they have in common with sound waves is that the
signals propagate via oscillations of particles in the
material. The velocity of propagation of the surface
waves is a few km/s, and the wavelength varies from
about 1 mm at 3 MHz to 1 pum at 3 GHz. From the
values quoted for the wavelength it can be seen that
the dimensions of acoustic surface-wave filters will be
of the order of millimetres; they are therefore about

105 times as small as their electromagnetic counter-
parts.

The nature of the acoustic surface-wave filter is such .
that the initial design costs are relatively high but
large numbers of the devices can be produced cheaply.
Like integrated circuits — but to a lesser degree —
these filters are consequently mainly suitable for mass
production.

Our work has been chiefly directed towards the
design and manufacture of acoustic surface-wave
filters that can be used as i.f. filters in television receiv-
ers. Not only are these components that are required
in large numbers, but in addition surface waves turn
out to be extremely convenient for use in this partic-
ular frequency range.

In this article we shall describe how techniques have
been developed to design and make such filters and
how problems encountered have been solved. Examples
of filters we have made, suitable for use in two different
television systems, will be given. In addition, we shall
describe filters designed for other applications. First
of all, however, we shall look more closely at the
details of the operation of surface-wave filters and at
the relationship between the electrode geometry and
the frequency characteristic.

D. W. Parker, B.A., R. G. Pratt, B.Sc., F. W. Smith, B.Sc. and
R. Stevens, B.Sc., are with Mullard Research Laboratories, Redhill,
Surrey, England.

11 R. F. Mitchell, Acoustic surface-wave filters, Philips tech.
Rev. 32, 179-189, 1971.
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Construction and operation of a surface-wave filter

Fig. 1 is a schematic diagram showing the general
appearance of a surface-wave filter. The easiest way of
understanding its operation is to consider each finger
of the two electrodes as a linear source of surface waves,
located at the centre-line of that finger. The strength of
such an acoustic source in the input transducer depends
on the length / by which the fingers overlap; the source
strength is to a first approximation directly propor-
tional to this ‘finger-length’, which can have different
values from finger to finger. The acoustic signal that
travels over the surface of the substrate therefore
consists of components that can be considered as
delayed acoustical replicas — of differing strengths —
of the electrical input signal, a situation that is charac-
teristic of the ‘transversal’ filter. At a given place on
the surface of the substrate these components will be
in phase at certain frequencies and will add to form a
strong signal. At other frequencies they will be out of
phase and will cancel or almost cancel.

It can be shown that the frequency response F(w) of
a transducer consisting of a number of equidistant line
sources, as in the simple model described above, can
be described by a Fourier series whose coefficients are
given by the strengths of the acoustic sources. This
implies that the frequency response is a periodic func-
tion of the frequency. The period £ of this function is
equal to twice the centre frequency wo of the first trans-
mission band; see fig. 2. The passbands are identical
and they are symmetrical about their centre frequen-
cies. If all the fingers are of the same length and width
— i.e. it is a ‘uniform’ transducer — the first passband
is of the form (sin x)/x, where x is given by:

_ (@—wo)Np
o 2v )

P’

Here N is the number of pairs of fingers and v is the
phase velocity of the surface wave. At the centre fre-
quency wp the wavelength of the surface wave is equal
to the period p of the interdigital electrodes.

Since in reality the fingers are not true line sources,
the real frequency responses differ from the one shown
in fig. 2: their heights are markedly different and some
are virtually absent. For transducers in which w = 1 p,
this is for example the case for the passband at 3we.
Since in practice the higher passbands will usually be
situated outside the band passed by the system includ-
ing the filter, we can confine our attention to the pass-
band around wo. The effect of the finger-width on the
shape of the first passband is relatively small.

If we assume that that the electrical input signal e(r) is si-
nusoidal and of the form
e(t) = cos wt, H
then the " component of the acoustic signal is given by
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Fig. 1. Simplified representation of a surface-wave filter. On a
piezoelectric substrate there are two transducers, each consisting
of two comb-shaped electrodes whose fingers enmesh with one
another (‘interdigital electrodes’). One of the transducers gen-
erates surface waves, the other converts them into an electrical
signal. In the case shown the distance /, over which the fingers
overlap one another, is the same for all fingers (‘uniform trans-
ducer’). In general this is not the case. In the filters that are
discussed in this article the width w of the fingers is usually a
quarter of their spacing p.

Flw)

!
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—_— )

3 I?(L;,L

Fig. 2. The frequency response of a hypothetical transducer,
consisting of a number of equidistant line sources (spacing 4p),
is a periodic function. The period 2 is equal to 27mv/p; v is the
propagation velocity of the surface waves. The passbands at wo,
3wo, Swo etc. are all symmetrical in this case and are similar, In
a practical transducer, however, the passbands are not all similar,
because of the effects of the finger width. For example, in trans-
ducers for which w = }p, the band at 3w¢ is missing.

an(t) = cn cos (0t + ¢u), 2)
where ¢n is the strength of the corresponding source and ¢,
represents the phase shift introduced when the component an(t)
is delayed by a time T, with respect to e(¢):

bn = WTn. 3)
Since we are considering line sources regularly spaced at a dis-
tance of 1p, the delay times of the acoustic-signal components
are multiples of the time 7 in which the waves travel a distance 4 p:

T = pf2v. @)
With the aid of (3) and (4) equation (2) can be expressed as
an(t) = cq cos (wt + wnpf2v). (5
The acoustic signal s(z) is then given by
s(t) = Z ca cos (wr + wnp/2v). (6)

n

A linear system that responds to an input e(+) = cos wt with an
output given by (5) can be described by the frequency response
cpe—donP/2v, From this we can conclude that the input transducer,
which responds to an input signal e(r) = cos wr with an acoustic
signal given by (6), has a frequency response given by

F(w) = X cpe~lonn/2e, ©)
n

From (7) it follows that F(w) is periodic with a period 2 equal
to 47v/p. The expression (7) can be considered as a Fourier series
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the form (sin x)/x. The non-uniform transducer is then
designed by the computer such that the overall response
lies within the given specifications. In the synthesis
program a very simple model of the surface-wave filter
is used; each finger of the non-uniform transducer is
considered as a source of acoustic waves at a certain
strength and position on the substrate. This model is
usually adequate for most filters of reasonably wide
‘aperture’ (i.e. the length of the longest finger of the
electrodes) and not too great a bandwidth. Other pro-
grams are also available for checking whether second-
order effects, such as diffraction, reflection, inter-
action between sources, etc., will significantly alter the
response of the filter.

The first step in the design is to calculate a target
response for the non-uniform transducer, together with
the permitted tolerances. When this response is
repeated periodically, a Fourier series can be found
that describes the response sufficiently accurately. This
series then indicates the acoustic source strengths
required from sources spaced regularly at half a wave-
length (A0/2) at the centre frequency wo.

Two problems may now arise. In the first place the
Fourier series gives in general an infinite number of
terms, and hence sources. Secondly, if an amplitude
response is required that is asymmetrical about wo, the
Fourier coefficient will be complex.

In a practical device the number of sources will not
of course be infinitely large. This can perturb the
response in such a way that it may depart from the
specification. Analytical methods exist that allow a
specified response to be approximated as well as
possible with a limited number of sources. However,
the ‘best fit’ response thus obtained is not always
satisfactory, since departure from the specification may
be less acceptable at some frequencies than at others.
For example, in a television i.f. filter the absolute ac-
curacy required in the trap regions is considerably
greater than that in the centre of the passband, where
some ripple (4 % dB) is tolerable. Our approach is to
limit the number of sources to a value that we have
found from experience to give a good chance of meet-
ing the specification. The source strengths are then
corrected until the response lies within the given
tolerance. In our approach the response of the trans-
ducer with the limited number of fingers is compared
with the specification and a number of the most serious
errors are identified. These are then corrected by
‘adding’ to the original transducer a number of correct-
ing transducers, one for each error point (2. Usually,
new errors will then appear, so the process is repeated.
In practice, it is found either that the response is
brought fairly rapidly within the specification, or that
the number of points with large errors rapidly in-
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creases. The second case indicates that more sources
are required and that the design procedure should be
started again.

The second problem arises if an asymmetrical am-
plitude response is required. The fact that complex
Fourier coefficients are found in this case means that
the sources must generate acoustic signals not only
with different amplitudes, but also with different phases.
This is not really practical, of course, but an approx-
imation that is valid at one frequency is to give each
source a different delay by moving their positions away
from the regular 1o/2 spacings, thus changing the
relative phases. In the design procedure both the
strength and position of the sources now have to be
varied to bring the filter response within the specifica-
tion. We have a technique for doing this, but because
of the approximations good results are only obtained
if the asymmetry of the amplitude response is not too
great.

A way out of this problem is obtained by considering
the desired asymmetrical response as the left-hand half
of a symmetrical one, in the manner indicated in fig. 5.
The Fourier coefficients of this new function are real,
and only the problem of the finite number of sources
remains [81, The transducers produced by this technique
have sources spaced at a constant distance of Ao/4,
and are called double-finger transducers [4l. A dis-
advantage of the smaller electrode spacing is that the
resolution of the fabrication process must be twice as
large.

Flw)
A N LA
| ! ) ! !
0 tw, wp 3w 0 wp
L ! ] I —-w
0 wp 2wy 3wy

Fig. 5. Illustrating the method for making filters with an asym-
metrical frequency response without making use of sources with
a phase difference between them (i.e. with a complex source
strength). If the distance p (see fig. 1), starting at half the wave-
length corresponding to wo, is decreased, the central maximum
of the first passband (see figs. 2 and 3) becomes lower and even-
tually the band splits into two parts. Because of the desired
symmetry about wp these two parts of the band are mirror
images of one another, but each one is itself asymmetrical. If p is
chosen such that the partial bands are located at 4wo and 2wo
and the ratio of w to p in the other transducer is made such that
the third harmonic is suppressed, then the filter obtained has an
asymmetrical amplitude response about the frequency wo’
(= +wo). The finger spacing in the first transducer is then half
that in a filter with a symmetrical response about wq’.
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The phase response

So far we have not considered the phase response of
the filter. When the acoustic sources in the transducer
are symmetrically arranged about the centre-line of the
transducer, the phase response will be linear, irrespec-
tive of the amplitude response. The design procedures
described above all impose this restriction and therefore
only produce filters with linear phase response. Some-
times, however, a prescribed nonlinear phase response
is required. Such filters are chiefly used in some
European countries as i.f. filters in television receivers,
as we shall explain more fully later. We will now give
some attention to the way in which such filters are
designed.

Our method for designing a filter with a nonlinear
phase response is based on the two possible ways that
exist for designing a transducer with a linear phase
response; see fig.6. The symmetrical transducer
(fig. 6a) has sources of equal magnitude and sign on
either side of the centre-line. Using the Fourier series
expansion to describe the frequency response of the
symmetrical transducer, we find:

Fs(w) = Bgelods/v . Boelwda/v | Bielwdi/v | B e-lodi/v
- Bge—iwda/v|. Bye—lwdalv
= 2B; cos (wd1/v) + 2Bs cos (wdz[v)
+ 2Bs cos (wds/v),

where the strengths of the sources are indicated by
Bi,2,3 and the distances from the centre-line to the
source by di,2,3. For the frequency response of the
asymmetrical transducer (fig. 6b) we find:

Fn(w) =A3e]a)d3/l.’.+.Azejwd2/U+A1ejwd1/1)_A 1e—jodi/v
—Ase—lwd2/v__ fae—jods/v
= 2jA; sin (wd1/v) + 2jAz2 sin (wds/v)
+ 2jA43 sin wdsfv),

where the strengths of the sources are indicated by
Ai,2,3 and the polarity by a plus or a minus sign. From
both expressions we conclude that the symmetrical
transducer has a real frequency response, representing
a zero phase shift for all frequencies, while the asymmet-
rical transducer has an imaginary frequency response
(note the factor j), representing a 90° phase shift at all
frequencies. i

The method used for designing a nonlinear phase
filter is as follows. The required phase and amplitude
responses are resolved into two components, each with
a linear phase response but with a phase difference of
90° with respect to each other. Each of the components
can be realized with a single transducer: one with a
symmetrical transducer, the other with an asymmet-
rical transducer. If the source positions are arranged
to be the same in both transducers, they can be com-
bined to produce a single transducer, which will have a
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Fig. 6. The diagrams on the right show schematic representations
of a transducer with even symmetry (a), a transducer with odd
symmetry (b) and an asymmetrical transducer, formed by combin-
ing an odd and an even transducer (¢). The source strengths are
indicated by A1,2,3 and By 2,3, the positions of the fingers by
di,2,3.

nonlinear phase response. The combination is done by
adding the strengths of corresponding sources, as
shown in fig. 6¢.

Calculation of the electrode configuration

We have now described how the source strengths and
positions are calculated from the specification of the
filter response for both linear and nonlinear phase
responses. The remaining problem is that of translating
this information into the physical dimensions of the
actual device. The relative strength of a finger func-
tioning as an acoustic source depends on the electric
charge on the finger. This in turn depends on the
capacitance between that finger and the fingers of the
other electrode. :

A good approximation is obtained by assuming that
the capacitance is mainly determined by the length by
which a finger overlaps the two adjacent fingers. Allow-
ance does however have to be made for some end
effects. For example, at the end of a finger a small
additional amount of charge is present due to fringing

2l K. W. Moulding and D. W. Parker, IEEE 1974 Ultrasonics
Symp. Proc., p. 168.

81 R. F. Mitchell and D. W. Parker, Electronics Lett. 10, 512,
1974.

41 T. W. Bristol, W. R. Jones, P. B. Snow and W. R. Smith,
IEEE 1972 Ultrasonics Symp. Proc., p. 343.
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rication problems, double-finger designs cannot be
used, it is possible to use a compromise design in which
the active fingers are single but the inactive ones are
double [91; see fig. 9. This considerably reduces the
interaction.

The electrode structure used to launch the surface
waves can also launch waves into the bulk of the
material. These waves can cause unwanted responses at
frequencies that depend on their velocity. An example
of the effect of these waves on the amplitude response
of the filter is shown in fig. 10. For a periodic radiating
structure waves are launched at an angle 6 to the
surface, where 0 satisfies the usual phase-matching
condition:

p cos 0 = nig.

Here n is an integer and Ag is the wavelength of the
bulk wave. (Strictly, this equality is only valid for an
infinite transducer; in a finite transducer the waves are
launched over a range of values of 6.) The contribution
from the waves that strike the lower surface of the
substrate and are reflected from it can be reduced by
roughening this surface so that they are scattered. The
waves, however, that are launched at small values of 0,
so that they reach the receiving transducer without
being reflected from the lower surface, cannot be
reduced in this way. The only solution is to choose a
direction of propagation in which these waves are not
too strongly excited [101.

Finally, we have to deal with the fact that in addition
to the direct acoustic path from the transmitting to the
receiving transducer, there are at least three other ways
for an input signal to reach the receiving transducer,
each with its own delay time.

~ The first way in which the input signal can reach the
output transducer is direct electrical breakthrough due
to the capacitive coupling between the two trans-
ducers. This can be reduced by putting an earthed
metallic strip on the surface between the two trans-
ducers.

The second arises from the fact that the transducers
are bidirectional; in fig. 1, for example, it can be seen
that the input transducer will launch just as much
surface-wave energy to the left as to the right. The wave
going to the left will travel to the left-hand end of the
substrate and will then be reflected to the output trans-
ducer. In a similar way, acoustic waves that pass under
the output transducer will be reflected from the
right-hand end of the substrate. Both of these waves
will arrive at the output transducer with a delay dif-
ferent from that of the wanted signal. These end-
reflected signals can usually be reduced to an accept-
able level by setting the ends of the substrate at an
angle and by putting absorbent material in their path.

The third way in which a delayed signal can arise is
through reflection of a signal at the output transducer
so that it travels back to the input transducer and is
there reflected again back to the output transducer.
This doubly reflected ‘triple-transit’ signal will have

three times the delay of the wanted signal. Many

methods have been devised to reduce this signal [11],
but they all require a larger and more expensive sub-
strate or an increased insertion loss, or both. The level
of this triple-transit signal relative to the wanted signal
depends on the k value of the substrate material: the
larger k2, the higher the level. It follows that the level
of the triple-transit signal increases as the insertion loss
of the filter decreases.
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Acoustic surface-wave filters as circuit components

Apart from the frequency response, the other fea-
tures of a surface-wave filter that will be of interest to
a user who wishes to include it in an electrical circuit
are the impedance and the insertion loss. These factors
depend on the substrate material, the bandwidth, the
aperture and the nature of the circuit, as will now be
explained. We shall assume here that we are dealing
with a filter with simple uniform transducers. In the
case of non-uniform finger-lengths some modifications
to the expressions will be necessary.

At the frequency of its peak response, a transducer
can be represented by the simple equivalent circuit
shown in fig. 11a. The power dissipated in the resist-
ance R is a measure of the power converted into
acoustic energy. It can be shown [12] that for a uniform
transducer

. JT
" 4NwoCk?’

Thus for a transducer with a given bandwidth and
substrate material, the ratio Q of the resistive part R
to the'reactive part X of the impedance is given by

Q = R/|X| = woCR = n/4Nk2.

This relation provides a method for finding 42 by meas-
uring the impedance of the transducer.
The capacitance of the transducer is given by [13]

C = goerLN,

where go is the permittivity of free space, &r is the
effective relative permittivity of the substrate material
for the propagation plane and direction used and L is
the aperture of the transducer. The value of L can be
varied within certain limits to give a convenient value
for the filter impedance. The lower limit is set by dif-
fraction problems and the upper limit by the accept-
able size of substrate.

The insertion loss of the device is made up of two
kinds of losses: those not related to matching condi-
tions and those that are. The first category includes
losses in the substrate, ohmic losses in the metallization
and losses that arise in the propagation of acoustic
waves. These can usually be neglected at frequencies
below a few hundred MHz for single-crystal materials
at room temperature. This first category also includes
the losses that arise because the transducers emit
acoustic waves in two directions. In a filter with two
transducers this bidirectional loss is 6 dB, because each
of the interdigital transducers propagates surface waves
in two directions with equal power whereas in our
filter we only make use of one of these directions.

If the filter is terminated by a resistance there will be
a mismatch, since not all the available power from the
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Fig. 11. a4) Equivalent circuit for a transducer at its centre fre-
quency fo. C capacitance, R resistance. b) Circuit that can be used
to determine the fraction of the available power from the signal
source transmitted as acoustic power. The source, with conduct-
ance Gs, is shown to the left of the dashed line, and the transducer
to the right of it (G = 1/R).

source can be transferred to the resistive part of the
transducer impedance. This introduces a loss of the
second category. If both transducers of the filter have
the same Q, the minimum value of the mismatch loss
for the filter is given by

2
201 ————dB
Ogm{l + Y1+ Q2} :

The magnitude of the losses that will arise with other
types of termination can also be calculated easily.

The expression just given for the minimum value of the loss
with a resistive termination can be derived as follows. We consid-
er the simplified circuit shown in fig. 115. The interdigital trans-
ducer is represented by its equivalent circuit of a capacitance C
in parallel with a conductance G. Power is supplied by a constant~
current source [ of internal conductance Gs.

The power converted into surface waves is represented by the
power dissipated in G. At the frequency wo this is given by

12G
With woC = QG this can be rewritten as:
_ 126G
=G ror T oG
The available power from the source P4 is given by
12
E s
so that the fraction of the available power that is transferred to G
is described by

P =

Py =

P 4GGs
Pr (G+ Gy? + 02G2°
For maximum power transfer it is required that
— VGTF weiCE,
or

It follows that

i) -2
Py mux— +V1+Q2.

9 D. E. Penna, D. W. Parker, F. W. Smith and R. Stevens,
Electronics Lett. 10, 489, 1974. .

[10] R. F. Mitchell and E. Read IEEE Trans. SU-22, 264, 1975.

(111 M. F. Lewis, Electronics Lett. 8, 553, 1972.

(121 'W. R. Smith, H. M. Gerard, J. H. Collins, T. M. Reeder and
H. J. Shaw, IEEE Trans. MTT-17, 856, 1969.

(131 H. Engan, IEEE Trans. ED-16, 1014, 1969.
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quency spectrum of the received pulse. For example,

the frequency spectrum of a rectangular pulse is of the

form (sin x)/x; for the optimum detection of this pulse

in the presence of Gaussian noise, we require a filter
)
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with a triangular function at the output as shown
in fig. 20.

The improvement in signal-to-noise ratio over the

corresponding filter using only the central lobe of the
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Fig. 17. Gaussian response obtained with a surface-wave filter. Filters with a Gaussian response
are applied in radar systems, since they do not introduce ‘ringing’.
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Fig. 18, The central part of the response of fig. 17. The crosses are points from the theoretical
Gaussian response.

with an identical frequency response. For a pulse with
a duration of 10 ps, modulating a carrier of 13.5 MHz,
the (sin x)/x-like response is shown in fig. 19. The
matched filter responds to the rectanguiar pulse

response — which approximates to the usual if.
response — is 2.5 dB. Matched filfers can be applied
with effect only if the signal to be detected has a well
defined frequency spectrum. Unfortunately, in radars
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Fig. 22. Amplitude response of a 0
wideband filter that is virtually
flat from 65 to 115 MHz.
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give an improvement of about 1 dB in signal-to-noise
ratio, compared with that of a conventional filter. It
is difficult to think of any other way of producing such
a response without the use of surface waves.

Wideband filters

In telecommunication systems filters are often nec-
essary that will have a flat frequency response over a
wide frequency band. Such filters, with relative band-
widths of up to 50%, have been realized with surface-
wave techniques. To keep the insertion loss to reason-
able levels, they were constructed on LiNbOs, so as
to take advantage of the high value of k2. These filters
are usually tuned at both ends with a series inductor;
the effect of this tuning on the shape of the response
must be taken into account in the design procedure.
An example of such a filter is shown in fig. 22.

| t
100 110 120 130MHz

_—>.f

70 80 90

The work on filters for radar and telecommunication
was carried out with the support of the Procurement
Executive, Ministry of Defence U.K., sponsored by
CVD.

Summary. Acoustic surface waves on a substrate of piezoelectric
material can be employed in an analogue bandpass filter. The
frequency response of the filter is determined by the form and
dimensions of the interdigital electrodes in the transmitting and
receiving transducers. A relatively simple model provides a means
of designing these filters in a systematic way. However, this
model requires correction for factors such as diffraction, reflec-
tion, and interactions between the acoustic sources.-Computer
programs have been developed-that design a layout,for a mask-
making system, with the specifications for amplitude and group-
delay characteristics as the input data. The article considers, as
an application, an analogue bandpass filter for use as an i.f. filter
in television receivers. The devices have been developed to a
point at which they can be considered for commercial production
in quantity. Good results have also been obtained with the appli-
cation of surface-wave techniques to Gaussian filters, matched
filters and wideband filters.
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"An automated Langmuir trough
for building monomolecular layers

The number of methods available for arranging
molecules in a particular order, other than by crystal-
lization, is very limited. One of them is the Langmuir
and Blodgett method [}, in which monomolecular
layers of a surface-active substance (or ‘surfactant’;
for example a fatty acid or an ester) on'a liquid surface
are transferred to a substrate (e.g. of glass) by drawing
a strip of substrate upright through the surface layer
(fig. 1). This method makes it a relatively simple mat-
ter to build many tens of monomolecular layers of dif-
ferent chemical composition in any desired sequence [21.

We have built an instrument that works on this prin-
ciple and is free of the difficulties encountered with
other equipment. The design was aimed at functional
mechanization and automatic control. The instrument
(fig. 2) consists of a shallow trough made of a chem-
ically inert synthetic material, which is filled with water
or an aqueoils solution carefully freed from surface
contamination. The trough is filled ‘brimfull’, i.e. until
the liquid level is just above the edge of the trough.
The desired monomolecular layer is then applied to the
water surface. When the apparatus is in operation, a

=}

o

Fig. 1. Two cross-sections of a Langmuir trough for the transfer
of monomolecular layers. The trough V contains a salt-water
solution on top of which there is a monomolecular layer of a
substance that lowers the surface tension, e.g. a fatty acid. The
substance is most easily ‘spread out’ by applying it to the water
as a solution in benzene or chloroform; the solvent then evap-
orates. The polar ‘heads’ (the COOH groups) of the fatty-acid
molecuies are located in the water. The aliphatic hydrocarbon
chains of the molecules are hydrophobic and stick into the air.
The thickness of the layer is equal to the length of the molecules,
which proves that the tails stand upright. By slowly pulling up a
substrate (S) through the surface layer it is possible to transfer to
it a monolayer (a ‘Langmuir-Blodgett’ layer). A second layer can
be placed on the first (‘tail to tail’) by moving the strip down and
then up again, and so on. In the trough described here a barrier B
keeps the surface pressure in the layer constant, ensuring a ‘neat’
arrangement of the molecules. The surface pressure is kept con-
stant by a control mechanism that ensures that the barrier moves
along at a controlled rate during the transfer to S.

moving barrier, like a kind of piston, gradually pushes
the molecules of the surfactant along the surface.
Appropriate geometry and measures such as the use of
a material not readily wetted by water ensure that the
surfactant does not leak away along the barrier. The
barrier maintainsa constant surface pressure in the layer,
so that monomolecular layer to be transferred remains
homogeneous. Transfer is effected by means of an
immersion mechanism that moves one or two strips of
the chosen substrate up and down through the surface
layer. The barrier is set in motion by a toothed belt
driven by a stepping motor, which is controlled by the .
surface pressure in the monomolecular layer. This
pressure is measured by the Wilhelmy method (1863) [31
with a balance that delivers the electrical control signal.

In the Wilhelmy method a strip of filter paper is suspended
vertically from the arm of a balance and is partly immersed in the
liquid. A change Az in the surface pressure gives rise to a change
AF in the force acting on the beam, given by:

AF = —sAm,

where s is the total circumference (in the liquid surface) of the
filter paper. If the material of the strip does not permit complete
wetting, a factor cos ¢ must be added to the right-hand side of the
equation. The angle ¢ is the contact angle between the material
and the liquid ( fig. 3). In the case of filter paper, which is com-
pletely wetted, ¢ is equal to zero.

The control system keeps the surface pressure at any
desired value, with a relative deviation of no more than
1%. In most cases the speed of response to pressure

.changes is determined by the viscosity of the mono-

molecular layer, and not by the electrical and electro-
mechanical parts of the system.

Finally, there is also a control mechanism that keeps
the liquid level constant (to within 30 pm). This control
is needed first and foremost to prevent leakage along
the barrier, and it also improves the accuracy with
which the surface pressure is measured. The control
mechanism consists of a float that shifts the ferrite core
of a differential transformer when it is displaced,
thereby opening or closing a magnetic valve in the
tube connecting the trough and a liquid reservoir.

The trough is mounted in a glove box in which tem-
perature and relative humidity are kept constant. To
minimize vibration the complete system stands on
rubber strips on a heavy table.

The main difference between the new instrument and
the classical version is the presence of the leakproof
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of the strip of substrate material. The surfactant used
was a mixture of arachidic acid (C19H39COOH) and
its methyl ester. The deposition ratio of this mixture
depends on its composition (fig. 4). For the same

1
e r N
0.9 \
0 ——+ CHyCOOH 100mol %
100 mol %% C,9H39COOCH3 - 0

Fig. 4. The measured deposition ratio @ — the ratio between the
quantities of material deposited during upward and downward
movements — during the building of monomolecular layers
consisting of a mixture of arachidic acid and its methyl ester, as
a function of the composition of the mixture. The trough was
filled with an aqueous solution of cadmium chloride.

54 32 1

400uN/cm

300

200

100

0 |
8.5 19

1
20 x 10%m’per
molecule

1
195

—_— A

Fig. 5. The measured surface pressure I7 of a monomolecular
layer consisting of a mixture of arachidic acid and its methyl ester,
as a function of the average surface area 4 per molecule. 1. pure
acid. 2. acid 75% (mol.), ester 25%,. 3. acid 50%, ester 50%.
4. acid 25%, ester 75 %. 5. pure ester. To the right of a knee point
the surface-active effect of the mixture is weak. To the left of
that knee point the monolayer is said to be in a ‘solid phase’.
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mixtures the surface pressure in the monomolecular
layer is measured as a function of the average surface
area per molecule (fig. 5). The average surface area can
be calculated from the position of the barrier and the
quantity of surfactant on the water. The extremely
steep part of the curves is called the ‘solid phase’ of the
surface layer (very small changes in area are associated
with very marked changes of pressure). The tran-
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Fig. 6. The surface pressure J1r at the knee points in the curves
of fig. 5, plotted as a function of the composition of the mixture.
There is a striking correlation between this curve and that of fig. 4,
indicating a correlation between the surface pressure at the knee
point (a structure parameter of the layer) and the deposition ratio
during transfer.

sition region around the knee in the curves resembles
the situation in a liquid. For higher values of the
average surface area per molecule the surface pressure
is almost zero: the surface-active effect of the mixture
is then negligible. If the surface pressure at the transi-
tion point between ‘solid phase’ and ‘liquid phase’ is
plotted as a function of the composition of the mixture
(fig. 6), we see that there is a striking correspondence
with fig. 4. This indicates that the deposition ratio is
determined by molecular interactions in the mono-
molecular layer.

D. den Engelsen
J. H. Th. Hengst
E. P. Honig

Dr D. den Engelsen, J. H. Th. Hengst and Dr E. P. Honig are with
Philips Research Laboratories, Eindhoven.




Philips tech. Rev. 36, 47-52, 1976, No. 2

47

Light transmission of sintered alumina

J. G. J. Peelen

Sintered alumina is the material most widely used for making the discharge tubes of
high-pressure sodium lamps, because it combines good light transmission with the required
chemical resistance to sodium vapour at 1500 K. Depending on the nature of the sintering
process, the material either scatters light very little — it is ‘transparent’ — or it scatters
light very strongly — it is only ‘translucent’. Partly because it seemed to be possible to
improve the light transmission — in which respect the transparent material and the trans-
lucent one are almost on a par — a closer investigation has been made of the correlation

between these properties.

Sintered alumina for sodium lamps

The discharge tube of the high-pressure sodium
lamp, familiar for its golden-coloured light, is almost
invariably made of sintered aluminium oxide (alumina).
In addition to giving reasonable light transmission,
this polycrystalline material is also exceptionally
resistant to the hot sodium vapour present in lamps of
this type. The temperature of the coldest spot is no less
than about 1000 K, and between the electrodes the
temperature can be another five hundred degrees
higher. Ordinary types of glass and even fused silica
cannot be used under such conditions. As well as good
chemical resistance to sodium vapour at 1500 K, the
discharge-tube material is required to have a low va-
pour pressure, high mechanical strength and electrical
resistance, and of course the light loss in the visible
part of the spectrum must be as low as possible.

The use of ceramics was envisaged right from the
beginning, because of their chemical resistance and
exceptionally good refractory properties. The light loss
caused by such materials when used in lamp envelopes,
however, is a troublesome complication. To overcome
this difficulty it is necessary to know the relationship
between the microstructure of the material and its
optical properties.

As long ago as the fifties it was considered that poly-
crystalline alumina (AlsOs) could satisfy the require-
ments of an envelope material if the density of a sin-
tered-aluminina tube could be increased to a value
close to 100%. This view was based on the knowledge
that absorption and reflection are of little significance
in this material, and it seemed that light scattering by
pores left behind after sintering was the main reason

Drs J. G. J. Peelen is with Philips Research Laboratories, Eind-
hoven.

for the light loss. Some of the incident light would then
be back-scattered from the material, and some of the
rest would travel such a long path owing to repeated
scattering inside the material that absorption would
become significant. The light would therefore emerge
from the material considerably attenuated in the
forward direction. To avoid this light loss a material
of very low porosity must therefore be used.

At the time, the problem in sintering alumina was
the effect of discontinuous grain growth [1l. The
somewhat larger grains, with more strongly curved
interfaces, tended to grow very fast, so that pores
became enclosed in the grains and were unable to dif-
fuse out. R. L. Coble [2] succeeded in suppressing dis-
continuous grain growth by adding 0.2 per cent by
weight of MgO to the alumina. This reduces the num-
ber of pores that are trapped inside the grains, and
prolonged sintering then produces a material that
transmits light reasonably well, though very diffusely.
This material has found wide application; the lamp
envelopes made with it proved to be capable of with-
standing attack from the hot sodium vapour for many
thousands of hours.

This was of course an important practical result, but
it did not answer the questions of how the light trans-
mission is related to the microstructure and of how
this transmission might be improved by other changes
in the sintering process. This relationship has been the
subject of extensive investigations at Philips Research
Laboratories. They showed, for instance [3], that
‘continuous hot pressing’ [41 at a relatively low tem-

(11 See A. L. Stuijts, Philips tech. Rev. 31, 44, 1970.
(2] R. L. Coble, J. appl. Phys. 32, 787 and 793, 1961.
31 J. G. J. Peelen, Science of Ceramics 6, XVII, 1973.
J. G. J. Peelen and R. Metselaar, J. appl. Phys. 45, 216, 1974.
(41 G. J. Oudemans, Proc. Brit. Ceram. Soc. 12, 83, 1969.
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Fig. 3. Measured transmission I/lp of sintered (S) and hot-
pressed (HP) alumina as a function of the wavelength of the
light. The term transmission refers to the ratio of the light inten-
sities taken in the direction of incidence; diffuse Jight is therefore
not included in the measurements (fig. 2). The thickness d of the
layer is 0.5 mm. The porosity ¥y is 1 X 10~2 (volume fraction).
For comparison the curve for sapphire is shown (4), the single-
crystal form of AlaOg.
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Fig. 4. Scattering profile of transmitted light (A = 0.546 um),
measured for sintered (S) and for hot-pressed (HP) alumina.
The relative light intensity is plotted vertically as a function of
the angle ® between the ray considered and the direction of
incidence. The light intensity in the direction of incidence is
arbitrarily assumed to be 100 in both cases. The narrowest profile
belongs to the material that did not affect the legibility of the text
in fig. 1.

fourth power of the wavelength. A second example of
the experimental side of our investigation is the curve
shown in fig. 4, represe'nting the scattering profile of
the transmitted light for both conventionally sintered
and hot-pressed alumina [6]. It can be seen that the
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light propagates far less diffusely in the'hot-pressed
material, while at the same time the transmission is
less — at the wavelength used. The last, perhaps
unexpected, result is equally understandable when
Rayleigh scattering dominates, since this is also strong
in the backward direction.

As noted above, the transmission loss is mainly
attributable to scattering in the material. If the light
travels distances that are no greater than 0.5 to 1 mm,
absorption is ruled out because the absorption coef-
ficient of the material is extremely small. Reflection
from the front and back of the layer (fig. 2) does,
however, make some contribution to the transmission
loss. When the light is normally incident on a com-
pletely smooth surface, the fraction that is not trans-
mitted because of reflection is about 15%. The extent
to which the transmission is affected by the bire-
fringence at the grain interfaces of the material depends
on the number of interfaces and thus on the size of the
grains. An exact calculation of this is difficult, but a
kind of overestimate can be made, by assuming the
maximum effect on the transmission at each new re-
fraction. For a material thickness corresponding to
50 grains, the transmission loss estimated in this way
is completely negligible (7],

The scattering of the light in the material is fun-
damentally due to regions of differing refractive index,
such as pores or particles of a second phase — whose
presence is due to dopants or impurities — and also,
apparently, to grain boundaries. The grain boundaries
come into the picture because particles of a second
phase or certain segregations prefer to concentrate
there; in themselves the grain boundaries cause no
light loss of any significance. This statement is based
on the observation that certain single-crystal materials
— which contain no grain boundaries of course —
show no change whatever in their optical properties in
the visible part of the spectrum on a transition to a
polycrystalline form. The region of atomic disorder at
the grain boundary is extremely small, perhaps no
more than a few thousandths of the average wavelength
in the visible region. Rayleigh scattering is certainly
possible here, but the number of such scattering centres
in the light path is so small that no observable effect is
to be expected.

This leaves us with pores and possible particles of a
second phase as the centres that scatter the light. In

[*] These calculations were performed in cooperation with
Dr R. Metselaar of these laboratories.

(51 H. C. van de Hulst, Light scattering by small partlcles, Wlley,
New York 1957, chapter 9.

(61 J. G.J. Peelen, Conf. on Microstructure of Ceramics, Oxford,
April 1975.

[?] N. Grimm, G. E. Scott and J. D. Sibold, Amer. Ceram. Soc.
Bull. 50, 962, 1971. . .
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Fig. 6. The effective scattering efficiency Qer, calculated as a
function of the quantity getr, which is a measure of the effective
pore radius rerr. The parameter o is the standard deviation of the
assumed logarithmic Gaussian distribution of the pore radii.
Experimental results for the distribution of the pore radii fit
reasonably well for a ¢ of 0.2 to 0.3.
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Fig. 7. The scattering coefficient p for the scattering of light by
pores in a thin layer of sintered alumina, plotted against the
wavelength 4 of the incident light. The points were obtained from
transmission measurements. The curve is the calculated best fit
to the experimental results; see Table 1.
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Fig. 8. As fig. 7, but for a thin layer of hot-pressed alumina.
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scattering coefficient. The factor K takes account of
the reflection loss, which will not be dealt with here.

The method of calculating the transmission amounts
to the prediction of the scattering coefficient as a func-
tion of the known data for the pores. The pores are
assumed to be spherical with radii that foliow a
logarithmic Gaussian distribution. ‘Logarithmic’ here
means that it is not the pore radius itself but its log-
arithm that follows a Gaussian distribution [81, It has
been found from photomicrographs of polished mat-
erial cross-sections: that this logarithmic Gaussian
distribution represents the reality fairly well in our
samples.

The calculations include the volume fraction V; of
the pores, the ‘effective pore radius’ regr — i.e. the radius
that identical pores should have to cause the same light
scattering as in the logarithmic Gaussian distribution
— and the standard deviation ¢. The quantity ¢ is a
measure of the width and also of the skewness of the
distribution; because of this the skewness of the
distribution increases with its width.

The scattering coefficient may be described as the
product of the ‘effective scattering efficiency’ Qetr and
the total scattering surface Nzren2. The quantity N is
the number of pores per unit volume; the total scatter-
ing surface is calculated in the light path and per unit
of illuminated surface. The scattering efficiency is cal-
culated with a computer from Mie’s equations (5], The
values found are given in fig. 6 as a function of the
quantity gesr, which is equal to 47(na1,0, — npore) rett/4,
where 2 is the wavelength of the light (in vacuum) and
n is the refractive index. As can be seen, the standard
deviation has a considerable influence on the form of
the curve. Oscillations in the curve, like those for
example for ¢ = 0, were never observed .ii-our exper-
iments, which indicates that any assumption of a
uniform pore size would be a long way from the truth.

The agreement between the calculated results and
the experimental results for in-line transmission can
clearly be seen from fig. 7 and fig. 8. The first figure
relates to measurements for a sintered sample, the
second for a hot-pressed sample. In both figures the
scattering coefficient was determined from transmission
measurements at twelve wavelengths. The curve shown
is the best theoretical fit to the experimental results,
and was obtained by using a least-squares optimization
in the choice of the effective pore radius, the standard
deviation of the pore radii and the volume fraction.

8] The logarithmic Gaussian distribution applies exactly for
quantities that are the result of a process involving steps
where the probability of a change is proportional to the in-
stantaneous value of the quantity. Many growth and break-
down processes belong to this category. See for example
J. Aitchison and J. A. C. Brown, The lognormal distribution,
Cambridge Univ. Press, 1957.
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Table I. The values that give the best fit between theory and
experiment for the effective pore radius rerr, the standard devia-
tion ¢ of the pore radii and the fraction ¥ of the volume occu-
pied by all pores, for hot-pressed material (‘transparent’) and
sintered material (‘translucent’). The quantity rm is the value of
the pore radius for which there is a maximum in the probability
distribution. .

Hot pressed Sintered
rett 0.15 yum 0.59 pm
m 0.11 pum 0.34 um
c 0.3 0.4
Vp 49x10™1 1.9x10-8

The values thus determined are listed in Table I. In
view of the relatively large number of wavelengths used
in the measurements, including wavelengths outside
the visible region, the procedure used for the fit may
be regarded as reasonably reliable. As can be seen from
the Table, the pores in the hot-pressed material — the
‘transparent’ material — are much smaller than in the
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sintered material. The values found agree well with
those determined from plots like those of fig. 5.

No calculations have yet been carried out on the
exact shape of the scattering profile (fig. 4). It may be
assumed on experimental grounds, however, that the
profile will become narrower as the number of pores
and the pore radii decrease and the radii come more
into the region of Rayleigh scattering.

Summary. The relationship between the microstructure of poly-
crystalline alumina (Al2Og3) and its light transmission has been
investigated. The transmission loss measured in thin layers is
largely attributable to Mie scattering from the pores in the mat-
erial; the reflection losses are about 15 %. The effect of absorption
and birefringence is negligible. The layers investigated were made
by conventional sintering (MgO added) or by continuous hot
pressing. The porosity is about 0.1 %. The radius of the pores left
in the sintered alumina is 0.5 to 1 wm, and in the hot-pressed
material about 0.1 pm. Layers of the first type are diffusely trans-
lucent. The other type of material has a much narrower scattering
profile, and is therefore more transparent. The material is used
for the envelopes of high-pressure sodium lamps.
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Electrostatic printing

U. Rothgordt

Writing and drawing have been used by man for thousands of years as methods for the
storage and dissemination of information. The art of making printed books, allowing
even more people to benefit from the information they contain, is already centuries old.
Today it sometimes seems as though we are in danger of disappearing under an avalanche
of printed paper. Let us only hope that new printing techniques will lead, not to an even
greater avalanche of paper, but to a more sensibly directed, more efficient distribution of
the information. In spite of the increasing importance of optical and acoustic means of
communication, there is still a continuing need for methods that will provide information
in ‘black and white’. The design of printing equipment for this purpose that is also compat-
ible with the requirements set by the use of computers for information processing, or
perhaps by as yet undeveloped machines that will produce printed information at a
terminal, is a challenge to industrial research and development. The results of such
investigations, described in the article below, are machines that are eminently suitable
for the rapid production of text on paper where not many copies are generally required.

Introduction

The electrostatic printing process is a non-mechan-
ical process, which in its simplest form consists of two
stages. In the first stage, a charge pattern is produced
on a suitable surface by an electric field. In the second,
this charge pattern is made visible and fixed by a
suitable dye powder. It will become clear in the course
of this article why the process is called ‘electrostatic’:
it certainly does not mean that the actual process is
‘static’. The description of ‘electrostatic printing’ is
often applied incorrectly, for example to techniques in
which a colour change in the paper to be printed is
produced by passing a current through an electro-
sensitive paper. Here we shall confine ourselves to the
two-stage process just mentioned.

Electrostatic printing is also sometimes confused
with the process of electrophotography now widely
used in graphic reproduction. In that process a uniform
electric charge is applied to a photoconductive layer,
which is then exposed to an image of the pattern to be
copied. This produces local changes in the state of

charge. The charge pattern is then developed, again by
using a dye powder.

Electrostatic pririters are applied as printers or
plotters in data processing, and also in measurement
techniques for recording measured data, e.g. in the
form of plotted curves. The production of copies at a
remote terminal is another interesting potential ap-
plication. The coded information for the reproduction
of a document is transmitted, e.g. over a telephone line,
and the document is then reproduced in virtually the
original form.

In all these applications mechanical printing methods
have so far been the most widely used [11; the non-
mechanical methods that have been -used include
thermography, ‘Ink jet’, and the one mentioned earlier
with electrosensitive paper. The high print rates that
can be achieved with electrostatic printing (up to four
pages of A4 paper per second) are of great interestin a
number of these applications. In computer output
devices high speeds are desirable, so that processing

Dr U. Rothgordt is with Philips GimbH Forschungslaboratorium
Hamburg, Hamburg, West Germany.

(11 See for example J. Borne, Philips tech. Rev. 29, 205, 1968.
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process described above fixing is usually accomplished
by heating: the toner particles melt and adhere to the
paper. The most practical arrangement is to heat the
back of the paper, e.g. by passing it over a heated plate.
After fixing the toner cannot be removed.

It may be desirable to generate the charge image,
not on the actual paper to be distributed, but on a
transfer surface that can be re-used. After development
the toner image can be transferred by an electrostatic
field to ordinary paper, and then fixed. The electro-
static field on the transfer surface can then be developed
again, and another copy made on paper, or the surface
may be cleaned electrically and a new charge pattern
generated.

The stages described here are found in one form or
another in all the variations of the electrostatic printing
process to be described.

Charging the substrate

Before starting upon a description of the various
methods of producing a charge image, it will be useful
to look more closely at the physical effects that occur
with a single electrode and a dielectric substrate. The
substrate can be paper, coated with a thin dielectric
layer, it can be a plastic (materials such as ‘Mylar’,
‘Hostaphan’, polyethylene and polycarbonate are
suitable) or a ceramic layer on a rigid base, as used for
a transfer surface for an image to be transferred to
ordinary paper. Quantities of importance in all these
substrates are the capacitance per unit area of the
dielectric layer, the time constant of this capacitance
and the conductivity of the paper. The capacitance
determines the amount of charge per unit area that
might reasonably be applied. The normal development
processes require a charge density of a few times
1074 C/m?, For charging to 100V the capacitance
should be at least several microfarads per square metre.

The time constant should be at least high enough to
give no noticeable loss of charge between charging and
development; a value of several minutes is therefore
desirable. This requirement sets no problems, since
substrates are available that will hold a charge image
for months.

Fig. 4 gives a diagrammatic representation of a
single electrode with counter electrode, on opposite
sides of the paper with its dielectric layer. The paper is
lightly pressed against the counter electrode (104 to
105 N/m2) to keep the contact impedance sufficiently
low. The charging electrode is held about 10 pm from
the surface of the dielectric layer.

If a large number of electrodes are embedded in a
block of dielectric material, the correct spacing from
the paper can be obtained by blowing air between the
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electrode block and the paper; the roughness of the
paper surface may itself be sufficient to ensure the
correct spacing. The air gap governs the whole process
of charging, since charge can only arrive at the substrate
when charge carriers are able to cross the gap. This can
happen with a self-sustained gas discharge. '

It might appear that there would be some danger of
the electrodes burning away in such a discharge. In
fact, however, the discharge extinguishes as soon as the
potential of the dielectric layer has reached a certain
value; the charge involved here is relatively small, so
that the energy dissipation is also small, and the elec-
trodes do not burn away.

The breakdown of a gas discharge is most easily
described by the Paschen curve. This gives the relation
between the electrode spacing, the gas pressure and
the breakdown voltage of a self-sustained discharge for
the case of two parallel planar electrodes. We shall not
consider the physical basis of the Paschen curve further
here [8]. Fig. 5 gives the Paschen curve for air at a pres-
sure of 1 atm and shows that the breakdown voltage
then has a minimum at an electrode spacing of 8 pm.
At this spacing the substrate can be fully charged at a
voltage as low as 380 V. The total voltage that must be
applied between a pin electrode and the counter elec-
trode is however higher than the breakdown voltage of
the discharge, because of the voltage drop across the
paper and the contact impedance between paper and
counter electrode. Fig. 6 shows an equivalent circuit
for the arrangement. It should be remembered here
that the resistance Rgq of the dielectric layer is very high,
and that the capacitance Cy of this layer and Cy of the
air gap are larger than the capacitance Cp of the paper
because of the greater thickness of the paper. It is
necessary to keep the paper resistance relatively low,
to ensure that the time constant of the paper (tp = RpCp)
is low enough for short voltage pulses to break down

Fig. 4. Charging by a pin electrode. E electrode. G gas discharge.
D dielectric layer. P paper; the paper is made to conduct by the
addition of hygroscopic salts. C counter electrode.
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Fig. 11. Diagram of the circuit
with separately energized counter
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electrodes. The groups a and b

of the character switches S are

used alternately. If for example
one of the electrodes in group 3

has to be used, then the counter-

electrode switches C3 and C4

must also be connected. This

ensures that the potential of the

everywhere high enough for

substrate opposite group 3 is ‘

breakdown of the discharge.

Opposite simultaneously con- =
nected electrodes in the groups /
and 5, however, the potential is -V; o G
not high enough for breakdown. ®
0 o—
+ V,' o

Since

V) = Vi _Hb

AN YT

we must therefore have ub > 1. In practice u will be about 1l mm-1,
so that special precautions will have to be taken for counter
electrodes for which b < 1 mm.

These difficulties can be avoided by arranging that
the boundary between two groups of pin electrodes is
opposite the centre of a counter electrode, and then
always energizing two adjacent counter electrodes
simultaneously (fig. 1I). Although this does require
separate control for adjacent electrode groups, the
edge effects mentioned above are eliminated if the
groups are sufficiently wide. In comparison with the
circuit with the resistance network the switches now
only have to handle half the supply voltage; on the
other hand in the most favourable case J/2 times as
many switches are required.

3nC/em

1 1
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_>V
~1F
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Fig. 12. The charge Q per unit of line length as a function of the
applied voltage V for charging by direct contact between elec-
trode and substrate. The two curves apply for polycarbonate
sheet of different thicknesses, and hence different capacitances
per unit area.

Charging by direct contact between electrodes and
substrate

The previous section described charging by a self-
sustained gas discharge between the electrode and the
substrate. Such a discharge must always extend over a
small region in order to exist, and therefore does not
give a true image of the electrode on the substrate. The
charge spot on the substrate is appreciably larger than
the electrode, particularly for small electrodes. The
smallest charge spot that can be produced in this way
has a diameter of about 0.1 mm. To achieve a high
resolution with an electrostatic printing process another
method of charging must therefore be used, without
the self-sustained discharge. This also implies that the
electrode voltage must be lower than the 380 V corre-
sponding to the minimum of the Paschen curve.

We have worked with a direct contact between the
electrode and substrate [11). This can only be done
when both electrode and substrate are very smooth, so
that the pressure of the electrode against the substrate
can be fairly high. Only certain very smooth sheet
plastics can then be used, and the electrodes must be
made of extremely hard material that will take a
polish, but must also be a sufficiently good conductor.
The substrate must be fairly thin to give a sufficiently
high capacitance per unit area, so that sufficient charge
can be applied to the substrate even with low volt-
ages. In our experiments we used ‘Mylar’ sheet plastic,
with one side metallized to produce a counter elec-
trode.

Fig. 12 effectively summarizes the results of experi-
ments in which pin electrodes were pressed against
sheet plastic with a pressure of about 5x 106 N/m2. In
the central region there is a linear relation between the

9 U, Rothgordt, West German Patent No. 1 946 815.

[10] U, Rothgordt, Philips Res. Repts. 29, 139, 1974.

[11] U, Rothgordt, K. Witter and H. D. Hinz, to appear shortly
in IEEE Trans.
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applied voltage ¥ and the charge it produces per unit
length of the written trace. Dividing by the width of
the trace (100 um) gives the surface charge density o.
At ¥V = 0 friction alone gives a certain charge density
oo. In practice it is found that o is constant for a given
combination of electrode and substrate material; it is
therefore possible to compensate for oo.

The central portion of the curves can be simply
described by o = oo + (Ac/AV)V. It is found that
Ag/AV is exactly equal to the capacitance per unit area
of the substrate. This means that here, unlike the case
of charging with a gas discharge, the full applied volt-
age contributes to the supply of charge. Another impor-
tant feature is that charge is only applied where elec-
trode and substrate actually touch. Fig. 12 shows that
at higher voltages strongly nonlinear behaviour ap-
pears. This is due to a gas discharge between the sides
of the electrode and the substrate; it is associated with
a distinct broadening of the trace. For good resolution
these higher voltages should therefore be avoided.

In recording a charge image each point of the com-
plete surface of the substrate must come into contact
with an electrode in turn. Because a fairly high contact
pressure is required electrode arrays cannot be used
here, and only a limited number of electrodes can be
allowed to make simultaneous contact with the sub-
strate." The device whose principle is shown in fig. 13
satisfies this requirement. The most important com-
ponent is a rapidly rotating cylinder. The substrate
covers a part of the circumference of the cylinder. An
insulated electrode is mounted in the cylinder wall, and
protrudes 100 um beyond the cylinder surface. The cyl-
inder is given a small axial displacement after each re-
volution, so that the electrode describes a raster on the
stationary substrate. By varying the electrode voltage
appropriately a charge image can be written on the
substrate. The situation in the immediate neighbour-
hood of the electrode is shown in fig. 14. Charge
spots about 10 pm in diameter can be produced with
this device. An experimental microprinter based on
this principle has been produced, which can print
characters reduced by a factor of 24. Such printers are
generally referred to as COM (for Computer Output
on Microfilm) printers. Compared with other COM
printers the one described here has the advantages of
being smaller and less expensive; it can print at the
same rate as fast mechanical printers.

A virtual feature of such equipment is the behaviour
of the ‘stylus’ that makes contact with the dielectric
sheet. Wear is unavoidable here. The hardest materials,
such as diamond or sapphire, cannot be used here,
because of their high electrical resistivity. It has how-
ever been found that whiskers of SiC (prismatic, single-
crystal filaments of diameter about 20 um) give suf-
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ficient conductivity for this application. Because of the
single-crystal structure the wear of the whiskers is
small, and also very uniform. Since no change in the
shape or size of the whisker surface occurs in use, up
to 51019 points can be printed with a single electrode
before any deterioration in quality is observed. This
figure corresponds to about 105 printed pages.

Electrostatic grey-scale printing

For grey-scale printing it is necessary to vary the
charge applied to the separate points. This is difficult
with the methods that use a self-sustained discharge.

We therefore directed our work towards a variable
charge source. An important condition here is that the
charging process must take place under normal atmos-

. pheric conditions, so that the substrate does not have

to be inside an evacuated enclosure, as would be the
case in charging with an electron beam.

These requirements can be met with various types of
gas discharge, such as spark, arc, glow and corona
discharges. For simplicity, the obvious one to choose

Fig. 13. Printer with charging by direct contact between electrode
and substrate. The ‘Mylar’ belt B, on which the image is printed,
lies against the surface of the rapidly rotating drum D. The elec-
trode E protrudes about 100 um beyond the surface of the drum.
The drum is slowly displaced, continuously or in steps, along its
axis (one step per revolution). In this way charge is applied to the
substrate line by line. When an image is complete the belt has to
be moved across an image width.

\_/E_O/A

Fig. 14. Cross-section of the electrode of the printer of fig. 13.

The rapid rotation of the drum D increases the air pressure be-
tween the surface of the drum and the belt B. This lifts the belt
from the drum slightly. The little ‘bulge’ in the substrate where
the electrode E makes contact ensures sufficient contact pressure.
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Fig. 15. Cylindrical corona discharge as source of charge carriers.
A corona discharge (corona voltage V) is maintained between a
cylindrical electrode and an axial wire. The charge carriers are

drawn towards the substrate by a voltage ¥V, between the outer
electrode and a ‘drain’.
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Fig. 16. Electrode configuration for grey-scale printing with a
spark discharge. Ions produced in a spark discharge between-the
pin electrode Es and the ring E: are accelerated in the direction of
the substrate P by the field from the drain C. The dashed lines
indicate the field configuration between the various electrodes,
which gives a contraction of the ion beam. The charge spot
produced is smaller than the diameter of the cylindrical hole in
the insulator /. The degree of contraction depends on the voltage
on the electrode C.
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Fig. 17. The optical density D as a function of the drain voltage
Vs for print produced with the arrangement of fig. 16.
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would be the corona discharge. However, with a simple
cylindrical corona discharge as in the arrangement .of
Jfig. 15 the current density is too low to give a practical
printing speed. It has been reported [12] that the current
density can be increased by using a pin electrode in
combination with a special gas in the discharge region.

In our laboratories we have used a spark discharge [131,
The charge carriers from the discharge are focused to
a narrow beam by a diaphragm functioning as an elec-
tron lens. A cross-section of the discharge region is
shown in fig. 16. This construction can be obtained by
placing in front of the pin electrode a thin sheet of
ceramic, metallized on one side, with a hole in it
slightly greater than the pin and concentric with it
(hole 250 um, pin 150 wm). The perforated metalliza-
tion serves as a ring electrode and is separated from the
pin by a gap of 50 um. The substrate is located up to a
millimetre away from the spark electrodes. The counter
electrode, behind the substrate, is here more appro-
priately called a ‘drain’.

The similarity to the electrode of fig. 4 is however
only in appearance. The ring electrode is connected to
earth, while high-voltage pulses of 1 to 1.5kV and
pulse length several ps are applied to the pin electrode.
This produces a brief spark discharge between the
electrodes. The discharge produces large numbers of
charge carriers, and these are drawn off by applying to
the drain a voltage pulse of opposite sign to that on the
pin and of somewhat longer duration.

The field distribution obtained ensures that for
constant pulse height and duration a constant quantity
of charge carriers arrives at the substrate in a spot
roughly corresponding to the hole in the insulator. The
diameter of the spot and the charge density depend on
the diameter of the hole and the height of the two
pulses.

By varying the height of the voltage pulse on the
drain the charge density can be modulated, thus giving
different shades of grey when the charge image is
developed [14]. The relation between the optical density
and the voltage of the drain is shown in fig. I7. From
the information presented it follows that grey shades
can be satisfactorily printed with the electrode con-
struction described. With this arrangement we have
succeeded in obtaining 15 shades of grey distinguish-
able to the eye at a resolution of 10 points per mm.

The spark-electrode construction is of interest not
only because of the charge control it offers, but also
because of the much larger distance permissible be-
tween electrode and substrate without adversely affect-

(121 W, Simm, 4. Int. KongreB fiir Reprographie und Informa-
tion, Hannover 1975, p. 26. .

(131 G, Krekow and J. Schramm, Feinwerktechnik + Micronic
77, 219, 1973. ’ :

(141 G. Krekow and J. Schramm, IEEE Trans. ED-21, 189, 1974,
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ing the magnitude or sharpness of the dots of charge.
In writing a charge image on the rotating drum of an
image-transfer machine, for example, it is difficult to
keep all the pins of a row of electrodes at an accurate
spacing of 10 um from the surface of the drum. Charg-
ing with spark electrodes, which will operate at a spac-

ing of a few tenths of a millimetre from the drum, offers

a solution.

Developing and fixing a charge image

The developing process, whose name is borrowed
from photography, is not a chemical reaction here. It
consists in bringing the substrate on which the charge
image is written into contact with a fine dye powder,
usually called the toner. The toner particles are held in
position at the charged places on the substrate by
electrostatic forces. The development only proceeds
successfully when the toner particles are brought into
contact with the substrate in a relatively low concen-
tration; with higher concentrations the toner would
stick to the substrate everywhere because of molecular
forces. The toner particles are therefore either suspended
in a fluid, or mixed with a much coarser powder, the
carrier.

Both methods of developing have their own advan-
tages and disadvantages. Developing with a suspension
is chiefly recommended for high-resolution printing
processes, like the method described earlier in which
there was direct contact between electrode and sub-
strate. If a powder developer is used, it is much easier
to transfer the developed image to another substrate:
we shall return to this transfer process later. For
developing the charge images obtained with a gas dis-
charge we have given preference to powder developers.

The developing process is shown schematically in
fig. 18. The powder developer consists of about 2%
toner and 98 % iron powder, which is the carrier. Fric-
tion between the two kinds of particles gives them op-
posite electrical charges.

Except at the edges of the charged areas, the field
from the negative charge on the dielectric layer is
almost entirely inside the layer, and does not emerge
from it (fig. 3). If the conducting iron powder is brought
into its surroundings, however, the whole field pattern
changes and a field does appear outside the layer. If the
field-strength is high enough, toner particles will be
pulled away from the iron powder and will be attracted
to the charged areas of the substrate surface. A suf-
ficient degree of development is obtained at a charge
density of 2x 104 C/m2, while 5X10-% C/m? is re-
quired for complete saturation. :

The transfer of the toner particles from the iron

powder to the substrate surface is a charge transport -
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and is therefore associated with a current. To maintain
the original potential differences the circuit for this cur-
rent must be completed, as shown schematically in
fig. 18. In general there will also be a limited amount of
toner deposition on the uncharged parts of the sub-
strate: this can be prevented by including a voltage
generator (voltage up to about 20 V) in the short-
circuiting connection.

Fresh toner will obviously have to be added to the
developer mixture from time to time to make up for the
toner that has been used. It is however more important
to ensure good homogeneity of the developer mixture.
A number of methods have been investigated for this
purpose; the most important ones are the cascade
process and the magnetic-brush method. In the cascade
process the substrate carrying the charge image is tilted
and.sprinkled with the developer mixture. The mixture
flows downwards over the substrate, leaving a thin
layer of toner at the charged places. The magnetic-
brush principle can be applied in many ways. In one
version, a round bar magnet is used, mounted inside a
closed non-magnetic tube. When magnet and tube are
dipped in a mixture of toner and iron powder, a ‘brush’
is formed at the end of the tube. When the brush is
moved over the substrate toner remains behind at the
charged places. The developer arrangement pictured
in fig. 2, is a variant of this principle. Magnetic-brush
development gives better image cover, since more toner
can be applied to the charged places than with the
cascade process.

A particularly suitable and easily constructed solu-
tion to this problem is our eddy chamber, shown in
fig. 19. The iron powder used here as carrier for the

Fig. 18. Powder developing process with a mixture of coarse iron
particles and fine toner particles. The two kinds of particles
become oppositely charged by friction between them. A conduct-
ing path between the iron particles and the back of the substrate
causes the lines of force from the charge to emerge from the sub-
strate, as was shown in fig. 3.
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toner is drawn against the substrate by a magnet behind
the paper. If the paper moves upwards, powder mixture
is carried along by friction with the paper. Because of
the combined effects of the magnetic forces and gravity
very strong eddies are produced in the powder, and
these ensure effective homogeneity. A developer of this
type gives satisfactory results with paper speeds up to
5m/s. The principle is less useful for paper speeds

Mix

N/

Fig. 19. Eddy chamber for developing electrostatic printing. The
paper strip P, coated with a dielectric layer that carries the charge
image, moves vertically upwards. The back of the paper runs
against the chamber wall W. On the other side is the mixing
chamber Mix, containing a mixture of toner and iron powder.
This mixture is drawn against the paper by the magnet Mag. The
powder is carried upwards with the paper because of friction;
** this initiates eddies in the powder, which ensures thorough
mixing of toner (7o) and iron powder.

c L Pr D

Fig. 20. Diagram of an electrostatic printer with a transfer surface
to transfer the toner image to ordinary paper. The transfer surface,
the endless belt B, runs anticlockwise; it is printed at Pr and
developed at .D. At T the toner image is transferred to the paper
P (the final surface) and is fixed at F. The transfer surface is
cleaned at C and the charge image i1s neutralized at L. A new
charge image can then be applied to the transfer surface.
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below 10 cm/s, since the eddy effect is not then strong
enough. In such a case one form or another of magnetic
brush would be preferable, e.g. the arrangement shown
in fig. 2; this has helical ridged rollers to homogenize
the powder mixture. The roller speed must be matched
to the speed of the paper. :

The final stage in the direct printing process is fixing
the toner, now relatively weakly attached to the sub-
strate. In developing with a toner suspension adhesives
are added to the fluid; these provide the bond between
toner and substrate when the fluid has evaporated. In
dry-development processes are used in which the par-
ticles are bonded to the substrate by the effect of mech-
anical pressure or by heating.

The transfer of electrostatically printed images

So far we have only examined the direct printing
process, in which the charge pattern is applied to the
actual surface to be printed. This surface was therefore
provided with a dielectric coating. There are also print-
ing processes in which the charge image and the devel-
oped powder image are produced-on a transfer surface,
and the powder image is then transferred to ordinary
paper (151, The transfer surface can then be used to give
many prints of the image. An endless belt of dielectric
material is often used as the transfer-surface, or a drum
with a dielectric coating. This process is of particular
interest for the high-speed print-out of computer
results, an application in which the cost of the-paper is
important and more than one print of the same text is
usually required. With these requirements in mind we
have studied more closely the transfer of a powder
image. :

The transfer, which could take place in the arrange-
ment shown in the diagram of fig. 20, can be briefly
described as follows. The transfer surface with the
powder image is brought into contact with a final sur-
face (paper) that runs at the same speed as the transfer
surface. A potential difference of the appropriate
polarity is now applied between the two surfaces; this
removes the charged toner particles from the transfer
surface and transports them to the final surface. The
potential difference required may be a few hundred
volts; it must not however be greater than the break-
down voltage of air. There are no particular require-
ments for the electrical properties of the final surface.
To ensure that the toner particles do indeed remain
attached to the final surface, it is important that the
two surfaces are separated in the electric transfer field.

[15] U. Rothgordt,
No. 1272 316.
H.-D. Purps and U. Rothgordt, Int. Conf. on Communica-
tions, Montreal 1971, p. 15-14.

West German Patent Application
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the printer, which has already been shown in fig. 1, is
connected to a computer, and the system thus formed
provides real-time spectra of acoustic signals [17). The
technique of ‘Fast Fourier Transformation’ for. this
application.has been known for some time; it can be
successfully used in obtaining spectra at scanning fre-
quencies up to 10kHz[18]. The Fast Fourier Transform
gives the acoustic energy present in a large number of
frequency intervals of width A f during a fixed time
interval Ar. The width of the frequency intervals
depends directly on the rate at which the complete
spectrum is scanned. The time-dependent spectrum
produced in this way consists of the separate regions
Atx A f, with a signal amplitude indicated for each
region. With an electrostatic printer this spectrum can
be recorded by showing each region as a matrix of
64 locations, with more or fewer locations occupied by

07 u. 'Dib‘bem, Int. Conf. on Speech communication and
" processing, Boston 1972, p. 412.
U. Rothgordt, 8th Int. Congress.on Acoustics, London 1974,
p. 721. |
[18) ALV, Oppenheim, IEEE Spectrum 7, No. 8, p. 57, August
- 1970. .
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black points, depending on the amplitude to be
recorded. With 4 points per mm each matrix occupies a
2-mm square. Fig. 24 gives an example of such a
spectrum.

Summary. Lines and alphanumeric characters can be drawn by
applying a charge distribution corresponding to the desired pat-
tern to a dielectric sheet or to coated paper. The charge can be
applied by producing a gas discharge between a pin electrode
above the substrate and a flat electrode below it; it is also possible
to move a thin conducting pin over the substrate and to apply a
voltage between the pin and the back of the substrate. Another
possibility is to produce a spark discharge between two electrodes
above the substrate and to draw charge carriers towards the
substrate by a voltage on an electrode placed below it. The
smallest charge dots that have as yet been produced with a gas
discharge have a diameter of about 100 um; with direct contact
diameters down to 10 wm have been reached. The charge image
is then developed by bringing it into contact with a mixture of
dye powder (toner, particle size 5-30 pm) and iron powder
(100-400 pm). The iron powder flows freely because of its fairly
large particles, ensuring an even distribution of toner particles
over the charge image. The conducting iron particles also have
the function of extending the electrostatic field due to the charge
image to the outside of the dielectric layer. It is also possible to
use a suspension of toner in a suitable fluid for development.
Finally, the image must be fixed on the substrate. The main
applications of the electrostatic printing process are in data pro-
cessing, where the high speeds attainable (up to 20 000 lines per
minute) are of great interest.
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Fig. 5. The cumulative probability P of finding a deviating spot
against the background of equally bright spots as a function of
the search time ¢. Curve a gives the expected form for a ‘systemat-
ic’ visual search, curve b that for random searching movements of
the eye. In the latter case it may take a very long time before the
object sought is found. The points indicate measurement results.
They show that against a structured background, as used in our
experiments, the searching process can be described by assuming
a non-systematic visual search. From the form of the curve drawn
through a series of measured points the radius of the correspond-
ing conspicuity area can be derived.
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Fig. 6. Relation between the radius R of the conspicuity area as
found in measurements with a single fixation, and the radius g as

calculated from the curve in fig. 5, giving the cumulative prob-
ability of finding a deviating spot as a function of time.
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finding-the deviation will increase linearly with time.
In the random searching movement this probability
will be an exponential function of time (fig. 5). In
both cases the cumulative probability as a function of
time will be directly connected with the size of the
conspicuity area. .

Fig. 5 also shows the results of a number of experi-
ments that indicate that the exponential function is the .
best approximation to a visual search. The size of the
conspicuity area as determined in measurements of
this type shows a direct reldtion. with the results of the
determination mentioned above of the conspicuity
area from a sSeries of brief observations of the test
pattern (fig. 6).

A later step in our experiments was to display test
patterns containing two spots of a different diameter.
The instruction here was to localize the large spot only
(in fig. 1 the spot with the smaller conspicuity area). It
was found that the observer directed his eyes towards
the other spot, the one with the larger conspicuity area,
more often than would correspond to arbitrary visual
searching movements. The extent to which this hap-
pened was also found to be directly related to the size
of the conspicuity area of the spot that was not
searched for.

The concept of conspicuity area is thus found not
only, as we have first shown, to be directly correlated
with particular parameters of the test pattern, but also
to be a good starting point for understanding visual
search.

F. L. Engel

Ir F. L. Engel, formerly with the Institute for Perception Research,
Eindhoven, is now with Philips Research Laboratories, Eindhoven.
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A fast actuator for an anti-lock braking system

D. R. Skoyles

It is very important for road safety that cars should not skid when the brakes are applied
suddenly. There is a danger of this on wet or icy roads, where the wheels can easily
become locked. To prevent this from happening various anti-lock braking systems have
been developed. This article describes an electro-hydraulic brake-pressure control with a
number of new features. It was initially developed for testing electronic circuits for
anti-lock systems and the design has given such good results in trials that it has been
taken as the starting point for the further development of anti-lock braking systems.

Introduction

When the brakes of a vehicle are applied a certain
amount of “slip’ must occur between the wheels and the
road. The word ‘slip’ is used here as an indication that
the braked wheels rotate more slowly than they would
if they rolled freely [¥]. When the brakes are first ap-
plied, the wheels continue to roll over the road, but the
rate of rotation decreases because of the elastic defor-
mation in the part of the tyre that forms the contact
patch on the road surface. As the brake pressure in-
creases, the speed of the wheels relative to the road
decreases and eventually the wheel will lock. The
degree of slip as the wheel approaches lock is a com-
plicated function of the characteristics of the brake,
the tyre and the road surface. Other factors such as the
speed and deceleration of the vehicle also come into
play.

When the wheels of a vehicle are locked, the stopping
distance generally becomes larger, and if the front
wheels are locked, steering becomes impossible. Most
drivers are fully aware of this frightening loss of con-
trol and do not attempt to apply the brakes fully if the
road surface appears to be slippery. Even experienced
professional drivers are unable to brake at the maxi-
mum value as they cannot allow for the difference in
characteristics from wheel to wheel.

In the interests of safety it is clear that wheel lock
should be avoided. Some way must therefore be found
of preventing the brakes from being applied too hard.
If this can be done automatically, a driver would be
able to brake fully in an emergency, while full steering
control and normal handling will be maintained.
Many practical solutions to this problem have been
proposed: a few of them are now in use on a limited
scale. This article describes a hydraulic pressure con-

D. R. Skoyles, M.I.E.E., is with Mullard Research Laboratories,
Redhill, Surrey, England.

trol or actuator for an anti-lock system; the device was
devised and constructed for testing electronic control
modules for such a system in a vehicle. At the time
there was no existing actuator with a fast enough
response for the purpose. The actuator was initially
developed for private cars, but it may well be suitable
for other vehicles. Many features of this actuator are
used in more recent anti-lock systems under develop-
ment.

Before we begin the actual descriptions of the design
and construction of the actuator, we should first consid-
er the behaviour of a skidding vehicle, tyre charac-
teristics and the arrangement of anti-lock systems.

Construction and use of anti-lock systems

There are three fundamental parts to any anti-lock
system: a sensor that measures the wheel speed (or
some related speed), a processor unit (typically elec-
tronic or fluidic) and a mechanical actuator that can
briefly reduce the brake pressure and then restore it
again as long as there is pressure in the master cylinder
of the braking system. The wheel sensor may measure
the speed of a single wheel or of a number of wheels.
The output quantity is a signal whose frequency or
voltage is proportional to the wheel speed. This signal
is applied to the processing unit, where it is used to
predict an imminent wheel lock. If necessary, the out-
put signal from the processor is made to operate a
solenoid valve or other actuator to reduce the brake
pressure. More than one such actuator may be used.
In most anti-lock systems the brake force falls while
the solenoid (or other device) is energized, and in-
creases when the solenoid is switched off (after the
danger of a wheel lock has passed). Since the passive
state of the pressure regulator corresponds to normal
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braking, a certain measure of fail-safe behaviour is
automatically built into the system.

Ideally the combination of sensor control circuit and
actuator would be fitted to each wheel separately,
- allowing each tyre to have the optimum grip on the
road. This would give the driver maximum braking and
steering control, but it is costly. In many existing sys-
tems a single actuator is used to control one axle or one
pair of wheels. In such cases the control must be
applied to the rear wheels, as the following argument
shows.

Although an anti-lock system will in general reduce
the stopping distance, its most important function is
to prevent loss of control of the vehicle. At first sight
it would appear that it is more important to prevent
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direction. If the driver now keeps the front wheels pointing in a
direction parallel to 4B, the vehicle continues to move with its
long axis parallel to 4B until it comes to a stop. This motion is
very unstable, however, and requires great skill on the part of the
driver. If the driver does not alter the position of the front wheels,
then small random deviations will cause the vehicle to move in a
direction other than 4B, e.g. at right angles to O1F1. The centre
of gravity continues to move along AB, i.e. at right angles to
O1P1. The vehicle therefore describes a circle, centred on O, and
starts to rotate in a clockwise direction at an angular velocity
directly proportional to the velocity in the forward direction and
inversely proportional to the radius O1P1. After a short time the
centre of gravity of the vehicle has moved to Pz; the deviation of
the front with respect to 4B has become larger and the centre of
the rotation has moved to Oz. Since O2Pz < O1P; the angular
velocity of the rotation has increased. In this way the vehicle goes
via position 3 to position 4, where it makes an angle of 90° with
the original direction. Here the front is stationary for an instant

Fig. 1. Tllustrating the behaviour of a vehicle if wheels become locked during braking.

the front wheels from locking, since these do the steer-
ing. (This would also appear to give a shorter stopping
distance, since most of the braking force is provided by
the front wheels owing to weight transfer.) This is not
so, however: a moving vehicle with a single pair of
wheels locked will eventually travel in the original
direction but with the rolling pair of wheels trailing 11,
If only one pair of wheels is to be controlled, it must
therefore be the rear wheels.

The behaviour of a vehicle when wheels are locked during
braking will be discussed with the aid of fig. I. The vehicle is
travelling along the line AB. It is assumed that only the rear
wheels lock, at the instant when the centre of gravity of the
vehicle is at the point Pi. If the long axis of the vehicle now
deviates slightly from AB, the front of the vehicle starts to move

-in the direction determined by the position of the front wheels,
while the centre of gravity of the vehicle continues to move in the
direction AB and the locked rear wheels can skid equally in any

and the vehicle rotates about the centre of the front axle. In
position 5 the rear wheels move in front and the centre of the
rotation is at Os, while the radius OsPs now becomes greater and
the angular velocity decreases. In position 6 the vehicle is almost
in stable motion again, parallel to AB, but with the locked rear
wheels in front. A number of second-order effects have been
neglected in this qualitative description [2],

If anti-lock control is applied to the rear wheels only, the front
wheels will lock and skid when the vehicle is strongly braked
under adverse conditions. If the long axis of the vehicle now

[*] This is the technical definition of slip, which we shall use in
this article. A sliding movement of a car with locked wheels
will be called ‘skid’. .

[11 H. Darwin and C. V. Burton, Side-slip in motor cars,

Engineering, Sept. 1904.

G. Jones, The skidding behaviour of motor vehicles, Proc

Auto. Div. Instn. Mech. Engrs 1962/63, No. 1.

Fig. 1 and the associated explanation are mainly taken from:

J. Bradley and S. A. Wood, Factors affecting the motion of a

four-wheeled vehicle when some of its wheels are locked,

Proc. Instn. Auto. Engrs 25, 59-62, 1930/31. )
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deviates slightly from the direction of travel, the frictional forces
" between the front tyres and the road in the direction of motion will
produce a torque that will tend to swing the vehicle further round.
However, the transverse forces on the rolling wheels (the rear
wheels here) will set up a much larger torque, tending to restore
the long axis of the vehicle to the direction of travel.

The tyre-road interface

Since rubber is elastic, the tyre and the tread have
a certain flexibility, and this has an influence on the
friction between tyre and road [8, Fig. 2 shows, greatly
exaggerated, the deformation of the rubber where the
wheel contacts the road during braking.

As a point on the tyre periphery moves into the
contact patch its effective distance from the centre of
the wheel decreases and it is at the same time subjected
to a shear force which distorts it. The distortion is a
function of both the shear (retarding) force and the
weight acting on the wheel. For a given weight, there
is an instant when the distortion with increased braking
reaches a maximum value at which it is too great to be
maintained by the frictional drag of the road surface
and at this point sliding of the rubber occurs. Break-
away and consequently sliding begin first at the rear
edge of the contact patch where the distortion is
greatest and the vertical contact force lowest. As the
retarding force increases, the tread distortion increases
and the break-away spreads towards the centre of the
patch, where the vertical contact force is greatest.
Eventually, as the brake pressure increases further, the
shear force inevitably reaches a value which causes
sliding even at the centre [4l. Before this point is
reached the retarding force available is always increas-
ing but once the sliding area has grown sufficiently to
include the centre of the original contact patch, the
force from the gripping rubber drops rapidly as sliding
starts, lowering the friction force from the static to the
sliding value. This decreases the effectiveness of the
front part of the contact patch. The action is cumula-
tive: increase of sliding area results in still lower
restoring forces and the wheel rotation rapidly degen-
erates to the locked condition. This process is illustrated
in fig. 3 where vehicle retarding force and braking
pressure are plotted against time.

The laws of friction impose upper limits on the maxi-
mum retardation forces available at the tyre-road
interface. For a typical tyre on a good, dry level sur-
face a vehicle retardation of about 0.8 g is possible.
(1 g is the acceleration due to gravity.) This figure is
independent of the tyre contact area and of the mass
of the vehicle.

Fig. 4 shows how the angular retardation 6 achieved
on various surfaces depends on the slip [51. The slip §
is defined by:
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Fig. 2. Distortion of a tyre by the drag of the road when a wheel
is braked. C represents the contact patch and the arrow rep-
resents the direction of motion of the vehicle. The dashed lines
represent radial planes through the centre of the wheel; the solid
lines show schematically how these planes are distorted when the
wheel is braked. Part of the distortion lies in the side wall of the
tyre and part in the tread. The distortion is greatest near the rear
of the contact patch.
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Fig. 3. Variations of the frictional force between tyre and road
surface for increasing brake pressure. The frictional force Fr and
the brake pressure py, are plotted in arbitrary units. At R there is
still complete grip of the road surface; C indicates the point
where the break-away from the road surface has expanded to
include the centre of the contact patch. The wheel then locks and
Fr decreases to the constant value that applies for the sliding
tyre.

S =<1 —ﬁ'l) X 100 %,
Ov
where 8y is the actual angular velocity of the wheel and
0y is the angular velocity the wheel would have if rolling
freely.

Although other measurements could give results
somewhat different from those of fig. 4, it is in general
true that if wheel slip could be held between 12 and
15%, a retarding force would be available which (on
most surfaces) would be higher than the retarding
force available from a locked wheel. '
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The retardation-slip characteristics show that even
light braking (low retardation) is accompanied by a
certain amount of wheel slip. This does not necessarily
imply sliding as such, but each part of the rubber tread
is distorted as it forms a part of the contact patch dur-
ing braking and each new distortion occurs at the
expense of the angular velocity of the wheel. This
produces a rotation which is slower than that of a

freely rolling wheel.
 The higher the peak retardation ratio (= peak retar-
dation divided by retardation at S = 1009, see fig. 4),
the greater the increase in stopping power given by a
good anti-lock system. On wet slippery surfaces the
peak retardation ratio of the slip characteristic (fig. 4)
depends on the ability of the tyre tread to break
through or squeeze out the moisture film between rub-
ber and road. Since this is more difficult at high speeds,
the peak of the slip characteristic has a value which
decreases with speed. It is also very dependent on tyre-
tread design and surface texture. A worn tyre with a
tread of less than 1-2 mm has inadequate drainage [
-and the braking force on a smooth wet surface is
therefore less than that with a full tread. A rough road
surface allows improved drainage and the difference
between a worn and an unworn tread is less marked.
Experiments have shown that tread is unimportant on
normal dry surfaces, where even bald tyres give excel-
lent performance.

A good, dry road surface offers higher road adhe-
sion and higher braking torques are possible without
the danger of wheel lock. Fig. 5 shows some slip charac-
teristics for various road surfaces. The retarding torque

0 | 20 40 60 80
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Fig. 4. Retardation-slip characteristics of various road surfaces,
showing that the peak retardation is mostly attained for a slip
of between 10 and 159%,. I dry asphalt, 2 wet asphalt (thin water
film), 3 wet asphalt (thick water film), 4 fresh snow, 5 packed
snow, 6 ice. .
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given by the road-tyre drag is plotted (instead of the
retardation) as a function of the slip S.

When the high-slip region of the torque-slip curve
is nearly horizontal, the retarding force of the locked
wheel is not greatly different from the peak braking
torque near 159 slip. In this situation the reduction in
brake pressure that the anti-lock device must provide
to allow the wheel to recover to the stable side of the
curve must in fact be less than in the case of a steeper
slip characteristic. The way in which the anti-lock
device reduces the brake pressure will be discussed in
the next section.

Gravel surfaces and loose snow behave anomalously
(see figs. 4 and 5) because the material piles up in front
of the wheels.
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Fig. 5. Braking torque Ty available on various surfaces as func-
tion of the slip S. / good surface, 2 gravel (the hump is due to
piling up). If Ty is the braking torque at which the wheel started
to lock on a good surface, a small reduction 67 to Tt will return
the wheel to a safe braking condition. The same torque reduction
would be inadequate for a more slippery surface, as can be seen
from curve 3.

Principles of anti-lock systems

Before discussing the principles on which an anti-
lock system can be designed, it is important to recog-
nize the surprising fact that one essential piece of infor-
mation — the true road speed of the vehicle — is not
readily available. As we saw earlier, the peripheral
speed of the wheel is only equal to the road speed if
there is zero slip. As soon as slip appears, the two speeds
differ. The wheel speed can easily be measured by a
transducer at the wheel. To determine the slip, however,
the actual speed relative to the road must be known.
Apart from such obvious methods of measurement as

31 G. Temple, The dynamics of the pneumatic tyre, Endeavour
15, 200-205, 1956.

[4 K. N. Chandler, Theoretical studies in braking, Part I: Effects
of longitudinal slip for a single wheel, Proc. Auto. Div.
Instn. Mech. Engrs 1960/61, No. 4. .

[5] P. Miiller and A. Czinczel, FISITA 14th Congress, London
1972, p. 3/92.

6] G, C. Staughton, The effect of tread pattern depth on skidding
resistance, Report of the Transport and Road Research
Laboratory LR 323, 1970.
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a fifth wheel (not acceptable for private cars), or more
complex methods such as Doppler radar (too expen-
sive), there is no simple way of doing this. The road-
speed information necessary for anti-lock control —
or some approximation to it — must therefore be
extracted in another way.

An estimate of the minimum road speed at any given
instant can be derived from the wheel speed at the
moment the brake is applied and an assumed maximum
attainable deceleration of the vehicle. This can be
conveniently obtained electronically by using a voltage
proportional to the wheel speed and a circuit in which
the maximum deceleration is simulated. This circuit
gives a reference voltage proportional to the estimated
road speed. The voltage corresponding to the instan-
taneous wheel speed is now compared to the above
reference voltage. If it is less than 85 9 of this value this
means that the slip of the wheel is excessive.

The best possible braking would be obtained if the
brake pressure could be always held at the value
coinciding with the maximum retarding force available
at each instant from the road (see figs. 4 and 5). If the
wheel is held at this ‘state of maximum adhesion’ the
maximum lateral or steering force is in general ob-
tained [7). In practice the optimum brake pressure
cannot be used because regulating the pressure to this
(changing) optimum value requires the true slip of the
wheel to be known accurately at every instant. It might
appear that a good compromise would be to regulate
the brake pressure at a level lying at a more stable
point just below the peak adhesion region of the
retardation-slip curve (fig. 4). However, this also turns
out to be impracticable because of the variation in
road-surface friction, and there are also problems of
long-term stability. In practice the pressure is therefore
‘modulated’ about the optimum, i.e. cycled about the
point of maximum adhesion, high slip values causing a
reduction of mean pressure. This allows for varying
surfaces and changes of weight between the wheels.
Since lower slip values arise repeatedly, a fairly simple
method can be used for supplying the electronic control
module with regularly updated computed information
about the wheel slip: this information is essential for
determining the correct instants for the relaxation and
re-application of the brake pressure.

For a level-force-slip characteristic (fig. 5, curve I), reduction
to below the locking pressure may appear to provide a braking
force lower than that of a locked wheel but this is not necessarily
so. The pressure may be modulated about a value well below the
optimum pressure, without any reduction in the average vehicle-
retarding force. Wheel inertia plays an important part here. The
following statement may help to clarify this: if the vehicle is mov-
ing fast with all wheels locked owing to excessive brake pressure
and the brake pressure is instantaneously reduced to zero, full
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‘braking’ is maintained until the wheels have been accelerated
(by the road) to about 85 of the vehicle speed (i.e. about 15%
slip). The retarding force after zero brake pressure is produced
here not by brake torque but by wheel inertia.

The sum of the torques acting on the wheel is zero:

Te+ Ty + 10w = 0,

where T is the road torque, T% is the brake torque, I is the mo-
ment of inertia of the wheel and 8\, is the angular acceleration.
When the brakes are applied, the stored energy of the vehicle is
reduced but so is the stored energy of the wheels as they decrease
in speed. When the brakes are released the acceleration of the
wheels by the road is associated with an inertial reaction torque

[]
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Fig. 6. a) The angular velocity 6 of the wheel, plotted as a func-
tion of time. 6y represents the vehicle road speed expressed in
terms of the angular velocity of a (hypothetical) freely rotating
wheel. For ¢ < to the speed is constant; at t = fo the brakes are
applied. The deceleration 8 of the vehicle, which is given by the
slope of the curve év, then changes from 8y =0 to Oy = —K,
where K is assumed constant. The maximum value of X in prac-~
tice is found to be about 0.8 g. When the brakes are applied there
is always some slip. The curve 6 shows how the wheel speed
would vary in the ideal case, i.e. braking such that the slip
remains between 10 and 159 (see the peak retardation in fig. 4).
b) Variations of the true wheel speed vw. The upper dashed line
is the tangent to the curve éw at a point where the slope 8w corre-
sponds to a deceleration of 1.5 g. This line is the velocity reference.
The lower line is drawn parallel to the upper line and below it
such that the distance S’ represents a 5% slip with respect to the
velocity references. This ifnplies that at the time toy the decelera-
tion of the wheel is well in excess of the reference at 1.5 g; at this
point the solenoid valve is energized. ¢) The variation of the
brake pressure pp with time, as controlled by the energization of
the solenoid valve. (The shape of this curve is discussed later in
this article, with the construction of the valve.) At to, the
solenoid valve is de-energized. £, 2 Lo, €tC. are subsequent cycles
of operation.
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I8, which has the same sense as Ty. The energy required to build
up this torque is extracted directly from the kinetic energy of the
vehicle.

Many anti-lock control devices make use of the wheel inertia
effect; it is a feature which greatly facilitates the realization of
practical systems.

When the control circuit detects a potential wheel
lock, a solenoid valve is opened to relieve the brake
pressure. After a certain inevitable delay, the grip of
the brake on the wheel will have decreased sufficiently
for the drag force of the road to re-accelerate the
wheel: the slip therefore starts to decrease again. When
the slip has been sufficiently reduced, the brake pres-
sure can be increased again by closing the solenoid
valve. The whole process — detection of excessive slip,
opening of solenoid valve and closing it — is now
repeated as shown schematically in fig. 6a, b and c. The
brake pressure and the slip are thus continually cycled
about the point of maximum adhesion (fig. 4).

The first energization of the solenoid valve takes
place just after the wheel has been decelerating at a
rate greater than that corresponding to a vehicle
deceleration of 1.5 g (well above the maximum vehicle
deceleration attainable). Actual switch-on occurs when
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Fig. 7. a) Elementary circuit for the comparison of the wheel-
speed sensor voltage with an artificial reference corresponding to
a wheel deceleration of 1.5 g. The output voltage ¥§ from the
wheel sensor (a voltage generator) is proportional to the wheel

speed, V§ = kO\. The capacitor is charged to this voltage via the
diode but the charge leaks away at a rate determined by CR.
R and C are chosen such that the charging rate corresponds to a
deceleration of 1.5 g. b) Variations of the voltage Vg from the
wheel sensor. As soon as the wheel deceleration is lower than
1.5 g the voltage V¢ across Cis equal to Vg, butif the deceleration
exceeds 1.5 g (at time ¢'), Vj falls below V¢. A sensing circuit
gives a signal if the voltage Vs becomes negative, i.e. if V3§ falls
below 0.95 V¢ (the line Vo.95). This signal is used to energize the
. anti-lock solenoid (at the time tel). The slip is then about 5%
greater than it was when the reference was first exceeded. The
energization is removed again at the time fo, when V§ again be-
comes larger than Vo.gs.
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the wheel slip amounts to more than 5% relative to the
reference speed corresponding to a deceleration of
1.5 g (hence at time ¢, in fig. 6b). This is not the ideal
instant for the start of the energization, but the actual
slip will be greater than 59/ since vehicle deceleration
will always be far lower than 1.5g, and the vehicle
speed will always be above the computed reference.

The slope of the ideal curve 6y in fig. 6a corresponds to a
wheel-speed control such that there is always 159 of sllp, ie.
such that 8, remains continuously 15% below the curve G, Tt
might appear to be better to wait until the wheel speed had
dropped to the value corresponding to 159 slip (maximum adhe-
sion) before energizing the solenoid to relieve the brake pressure,
but in practice it is more advantageous to energize as soon as
possible in the case of rapid brake application (slow application
allows the desired slip value of 15% to be reached). In addition,
it is more convenient to operate with a single slip setting for the
wheel sensor (the tapping in fig. 7a, see below). When the slip of
the wheel begins to decrease (re-acceleration to the vehicle speed)
the brake pressure has to be re-introduced sufficiently slowly to
enable the wheel to reach the stable side of the curve fo the left of
the peak in fig. 4. A repetiii{/e pressure-cycling action is then
possible. If the stable side of the curve were not reached, the
control circuit would not get enough information to assess the
slip and the wheel would lock. :

Fig. 7a gives a highly simplified example of a circuit
in which the artificial reference voltage corresponding
to a vehicle deceleration of 1.5 g is compared with the
voltage from the wheel-speed sensor. This voltage V;,
which is always proportional to the wheel speed 6y,
is applied to the capacitor C via a diode. A resistance
R is connected across the capacitor, giving a constant
RC corresponding to a deceleration of 1.5 g (RC is

usually greater than the cycle time te, — ze,):
t Vo
V="VyetlCRx Vo]l — — Vo———t
RC RC

The voltage across R cannot therefore fall faster than
V = Vo/RC; see the line V¢ in fig. 7b.

For a given wheel speed 6y, a voltage V = kby is
generated. The capacitor is charged to this voltage,
which therefore appears across R. On sudden braking,
the wheel velocity can fall faster than the fixed rate
V = Vo/RC, which is made to correspond to a vehicle
deceleration of about 1.5 g. Whenever this happens we
know that éw has a value larger than that correspond-
ing to 1.5 g. The solenoid valve is energized if the
voltage V; falls below the voltage at a tapping on R
corresponding to 0.95 R (at the time e, if the curves
V; and V.95 intersect). This will occur at a slip value
5% in excess of the reference line. When the speed of
the wheel has increased again such that ¥V > V.95 (at
time ¢,,), the solenoid valve is de-energized, and the

71 K. E. Holmes and R. D. Stone, Tyre forces as functions of
cornering and slip on wet road surfaces, Report of the Trans-
port and Road Research Laboratory LR 254, 1969.
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whole cycle is repeated again if required. The circuits
used in practice are more complex to allow for a con-
stant slope atall wheel speedsand also to accommodate
all kinds of delays and second-order effects.

An actuator for an anti-lock system

The actuator used has the form shown in fig. 8. It
consists of a solenoid valve, a variable restrictor and a
pump. The pump is driven directly by the wheel.

The actuator was designed with the seven following
aims in view:

It should be a small compact unit which can be housed
within the wheels (no vulnerable pipes or signal wires
across the vehicle, potential sources of failure).

The actuator should not affect the normal operation of
the brakes.

The instant at which the brakes are reapplied should
depend on the decrease in slip during an anti-lock
period and also on anti-lock behaviour during pre-
vious cycles. :

The brake pressure should not be allowed to fall so far
that under-braking results when the wheel is freed
from lock.

Fail-safe arrangements should be included in case of
circuit or wiring failures or other faults.

There should be a single solenoid valve for brake-
pressure control.

The control system should be completely independent
of the driver.

Incipient wheel lock causes the control circuit to
open the solenoid valves and hence reduce the brake
pressure. When the wheel has recovered to a safe
condition (left-of-peak in fig. 4) the solenoid is closed
and the fluid that has flowed from the brake cylinder B
is returned to the pressurized master cylinder M. If this
were not done the drivers’ foot would continue to
move towards the floor in an effort to maintain the
pressure in a ‘leaking’ system. At the same time the
pressure in the brake cylinder increases again. To obtain
the maximum braking this should happen as quickly
as possible; the rate of pressure build-up should not be
affected by factors other than the behaviour of the
wheel.

The variable restrictor

On a good road surface the wheel can recover speed
rapidly because of the high frictional drag of the road
on the tyre. For this reason a higher rate of pressure
recovery is required on a good surface than on a poor
surface. This is arranged by. designing the actuator in
such a way that the pressure-recovery rate is a function
of the total time for which the solenoid has been
energized. This is done by the variable restrictor ¥
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(fig. 8). The longer the solenoid is opened (poorer sur-
face) the more the cylinder .D with the plunger Ji is
driven to the right and the slower the build-up of pres-
sure in the brake after the solenoid has closed again.
On a good road surface the wheel recovers its speed
very rapidly after a high slip: the solenoid is only
energized for a short time and the plunger hardly

5
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Fig. 8. The anti-lock braking system. The actual braking system
consists of the master cylinder M and the brake cylinder B that
operates the brake of a wheel. The main parts are a solenoid valve
S which relieves the brake pressure when the wheel is about to
lock, a variable annular restrictor ¥ with plunger J1, which deter-
mines the rate of pressure build-up in the brake after the solenoid
valve has closed again, and a pump P which returns diverted
brake fluid to the master cylinder. The pump can be located in
the wheel and driven by it. F is a fail-safe control valve which
closes in the event of faulty operation of S. R is a reservoir for the
diverted brake fluid; this brake fluid displaces the piston D, so
that the quantity of fluid in R determines the amount of closure
of the restrictor ¥ (see also fig. 9). J2 is a second plunger mounted
on D, which modifies the rate of brake-pressure recovery.
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Fig. 9. Pressure in the brake cylinder decreasing as a function of
time, and its dependence on the solenoid energization time. f¢
represents the instant at which the solenoid is energized. There is
first a slight delay T before the pressure begins to drop (a few
milliseconds). If the energization continues for a long time the
pressure can drop to pmin. A typical energization lasting for a
time (t2 — to) allows a build-up of pressure at the rate indicated
by the angle r after the solenoid has closed. A shorter energization
results in a more rapid pressure build-up. Longer energizations
are accompanied by a slower increase until #6 is exceeded. At this
time the reservoir R (fig. 8) is full and pressure would be restored,
in the absence of pump P, even if the solenoid remained ener-
gized. If, however, the pump was operating, all fluid would be
returned to the master ¢ylinder and no pressure build-up would
be possible until the solenoid was de-energized.
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penetrates the opening, so that the brake pressure can
build up sufficiently rapidly to keep up with the rapid
recovery of wheel speed. This is illustrated in fig. 9.

The variable restrictor cannot be designed to provide
the optimum rate of pressure rise for all kinds of road
surfaces, because its restrictive effect depends on
factors other than the position of D (fig. 8), which are
determined by the amount of brake fluid in the reser-
voir R; the pressure rate also depends on the viscosity,
for example. However, the variable restrictor allows
high rates of pressure recovery for good surfaces with-
out compromising the performance on a poor surface.
Also, because the closure of the restrictor depends on
the position of D in the reservoir, the control becomes
self-corrective, i.e. if the wheel under anti-lock control
on a poor surface suddenly encounters a good surface,
the restrictor is rapidly withdrawn since the fluid is
quickly pumped from the reservoir and there is no
further replenishment via the solenoid. The restrictor
adapts rapidly to the new conditions and allows a higher
rate of pressure recovery.

Control of the brake pressure in the manner de-
scribed relies on the fact that the slip decreases to a
lower value than the optimum (159, see fig. 4). Any
system in which the vehicle speed is not actually meas-
ured or computed has to rely on this. If for any reason
the slip does not decrease from the original high value
to a value in the stable region, the control system will
measure too high a value of slip. However, under these
circumstances the variable restrictor extends the con-
trol logic in the sense that each solenoid energization
ensures a succesively lower rate of pressure build-up
(more and more closure of the restrictor) until the slip
does become sufficiently small. Although in this meth-
od of slip reduction the slip temporarily exceeds the
optimum value, this is preferable to a complete lock of
the wheel. The variable rate of pressure build-up is
very important and eases the task of the electronic
control unit.

The restrictor plunger Ji is completely withdrawn for normal
braking. When fluid has been diverted from the brake via the
solenoid valve to the reservoir (R, fig. 8), the brake pressure
exercises pressure on the fluid in the reservoir via the plunger.
When the reservoir is nearly empty, the outlet to the pump is
partially blocked by the plunger Jz. At this point the plunger J1
takes up a position such that when anti-lock control has ceased
the brake fluid can flow into the brake cylinder at the maximum
rate for good surfaces. The rate at which this happens increases
as the reservoir finally empties, despite the damping action of the
plunger Jo. The maximum time for the wheel to regain speed dur-
ing an anti-lock cycle is in the region of 0.1 s; this is short
compared with the time taken for Ji to reach the open position
when anti-lock control has ceased.

The rate of increase of the brake pressure after an anti-lock
energization of the solenoid valve is controlled mainly by the
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restrictor but it also depends on the viscosity of the brake fluid,
the pressure in the master cylinder, the brake pressure, the
capacity of the brake cylinder, the compression of the brake
linings, the spring pressure of the brake calipers, the cross-section
of the plunger and its radial clearance (referred to above qual-
itatively as the closure). The flow rate of the brake fluid through
the restrictor is given by

dgs
1291

g= Ap,

where 4 is the volume flow in m3/s, d the diameter of the restrictor
in m, g the annular gap in m, Ap the pressure difference in N/m?2,
I the length of the restrictor in m and # the viscosity in Ns/m2.
The formula shows that the flow rate is very sensitive to changes
in the clearance of the restrictor plunger. Very close tolerances
are therefore required.

The viscosity of brake fluid at 20 °C is ten times the viscosity
at 100 °C and a tenth of the viscosity at —20 °C. Changes in
viscosity can be compensated by using materials with different
expansion coefficients for the restrictor housing and plunger; this
gives an annular clearance which varies linearly with temperature.
The change in flow rate is then proportional to the square of the
temperature but the variation 'in viscosity with temperature is
logarithmic. The compensation can therefore never be perfect
and further compensation may be necessary for optimum opera-
tion at extreme temperatures.

The pump

The pump (P in fig. 8), driven directly by the wheel,
must have the following characteristics:

a) Even at low road speeds it must be able to return
all the fluid to the master cylinder, i.e. it must be able
to rapidly empty the reservoir when the solenoid valve
is closed.

b) At high speeds and low brake pressures the pumping
efficiency should fall to a low value. '

The first feature ensures that the anti-lock device
operates well even at low speeds. The second feature
ensures that the wheels have sufficient time to regain
speed even after locking at high speed and low brake
pressure. This feature is fortunately present in most
simple pumps. In a typical case a simple plunger pump
may be used, the plunger being pushed against a shal-
low cam (which revolves with the wheel of the vehicle)
by the brake fluid in the reservoir (R in fig. 8). At low
brake pressures the pump plunger cannot move
rapidly because the passage between the reservoir and
plunger acts as a restrictor. Also, at high speeds the
pump plunger will be unable to follow the cam com-
pletely. The rate of pumping O is therefore controlled
by the restriction to the pump inlet. This is shown in
fig. 10.

The effect of the pumping action is to reduce the
amount of fluid in the reservoir R and hence give a
displacement to the left of the plunger J; of the vari-
able restrictor V. The rate of flow of fluid from master
cylinder M to the brake cylinder B therefore increases
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as pumping continues and this enables the system to
adapt to a good surface after having been on a poor
surface. High vehicle speed would theoretically give
scavenging (emptying) of R at too high a rate (the
scavenging rate is proportional to the speed) but the
restrictive effect of J1 and the connection between R
and P (fig. 8) is sufficient to limit this to a suitable value
without the necessity for any additional impedance.

— G (rad/s)
Fig. 10. Illustrating the pumping rate O as a function of wheel

speed 0, at various positions of the plunger Jz (fig. 8). Curves
1, 2, 3 are for high and medium brake pressures, showing the
pumping rates 0 attainable when the plunger J2 permits full flow.
The line QOm represents the maximum pumping rate when the
plunger does limit flow. Curves 4 and 5 represent the rates for
low brake pressures.

The solenoid valve

When not energized the solenoid valve is closed. At
pressures up to about 20 000 kN/m?2 (3000 p.s.i., 200
atm) it completely prevents the flow of fluid. When
energized it must release fluid at a rate which permits
a brake-torque decay rate of about 2100 Nm/s and,
equally important, when de-energized it must interrupt
and stop the flow of fluid very rapidly. The operating
current for the solenoid has to be provided by the car
battery and in practice this means that the maximum
current is about 10 A. The armature pull-in time
should be below 7 ms at this current and any reduction
of this time improves the braking performance.

The anti-lock system described here uses a solenoid
with a flow control which allows an initial rapid drop
of fluid pressure corresponding to a decrease in brake
torque of 180 Nm, followed by a linear fall rate corre-
sponding to 14 000 Nm/s (matched to the brakes of the
test vehicle). If the initial drop in pressure alone deter-

mined the ‘modulation depth’ (the relative decrease in.

brake pressure, see fig. 6¢) this would give rise to
4 179 of modulation on a dry surface (coefficient of
friction 4 ~ 1) and 4 100 %, modulation on a slippery
surface (u ~ 0.15). The large modulation depth is
necessary on slippery-surfaces for the wheel to recover
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its speed with a reasonable acceleration (about 4 g).
The maximum theoretical acceleration is about 7 g but
only about 4 g is usually available on a slippery sur-
face, because there is always some residual brake pres-
sure due to seal resilience. The fixed initial drop in
pressure at e, in fig. 6¢ provides an effective and simple
way. of obtaining the smaller pressure modulation
required for good road surfaces. It would be difficult
to control a fast pressure drop accurately by electronic
methods, on account of the delay that would occur
between the signal from the wheel sensor and the re-
action from the actuator.

The linear drop in pressure (fe, to t, in fig. 6¢) is
introduced partly to reduce the effect of transducer and
circuit delays but mainly to reduce the turn-off delay
of the solenoid itself.

The operation is as follows. In the much simplified
diagram of the solenoid valve shown in fig. /] it can
be seen that the piston G around the armature contains
a number of orifices H. The pressure drop across an
orifice is proportional to the flow, and this ‘flow’ force
tends to close the valve at E, while armature current 7
will tend to open it. A constant flow results, but this
can be altered by change in I Since the valve at E is
always partially closed, if 7 drops sharply to zero, the
flow is quickly stopped.

The action described above comes from the inter-
action of various forces. With the valve opened there is
an equilibrium of forces if

p3ds — (p1 —p2)As — Fs + Fa =0,

where Fs represents the sum of the spring forces and
Fa the magnetic force exerted on the armature; the
other quantities are shown in fig. 11. Neglecting the
small terms p3Ads and Fs, we find that the armature
force F4 required is

Fy = (p1—p2)Aoe.

The force exerted on the armature in a coil is propor- -
tional to the square of the current 7, i.e.

Fy = Kil2.

The pressure difference between the two sides of the
piston G is proportional to the rate of flow of brake
fluid through the orifice H:

1—p2 = Kag.

It is this flow that provides the linear drop in pressure
referred to above. The equilibrium equation for the
forces is then

K112 = KoAoq,

showing that the flow rate 4 is controlled only by the
current, since all the other factors are constants.
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Fig. 11. The solenoid valve (S in fig. 8. Fluid enters from the
brake cylinder B via valve F). W solenoid windings, 4 mild-steel
armature. E main flow orifice. G concentric piston containing
orifice H. C O-ring leak protection. Si, Sz and S3 compression
springs. p1 is the pressure to the right of piston G, ps the pressure
to the left of G, p3 the pressure in the exit line to the reservoir R
and pump P. The effective area of G is As, and the area of the
exit line is As.
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Fig. 12. Fail-safe flow-control valve (F in fig. 8). Brake fluid
enters at B from the brake and leaves at S for the solenoid. Dur-
ing the first moments of braking before anti-lock functioning of
the solenoid can begin any flow through the fail-safe valve must
be due to faulty opening of the solenoid valve. The pressure drop
produced across 4 by the flow drives the piston to the left,
blocking further fluid flow. If, however, there is no fault, 4 must
be cleared from the bore before the expiry of a certain time which
depends on the brake pressure (see text and fig. 13). A1 cross-
section of piston rod. A2 area of piston, g width of annular gap,
d diameter of 4, /length of channel C with piston in equilibruim
position (zero brake pressure), determined by spring Si.

%

H
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Fig. 13. Brake pressure pp as a function of time # for hard brak-
ing H and light braking L. The shaded areas are equal. Their
magnitude determines the time within which the wheel has
decelerated so far that the solenoid valve is energized (the worst
case is when the road is so slippery that the brake pressure only
has to overcome the inertia of the wheel). The solenoid valve
should therefore be tested within this time for correct operation,
and any remedial action taken. If no fault is found the fail-safe
valve must be opened before #2 (for hard braking) or #1 (for light
braking).
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Safety features

As mentioned earlier it is imperative that the anti-
lock equipment should not increase the chance of the
brakes failing in normal operation. Two fail-safe
protections are therefore included: the first allows for
the condition where there is a permanent leak through
the solenoid valve, and the second takes care of
the dangerous situation which would arise if the
solenoid for some reason became permanently ener-
gized. The undesired consequences of a leak are easily
avoided by including an O-ring seal in the sealing face
of the armature of the solenoid valve (C in fig. 11). A
light spring Sz biases the armature to the left so that
the O-ring makes good contact with the face. If there
is a leak through the seal E the pressure inside the
space sealed off by the O-ring is low and the brake
pressure acting on the back of the armature presses
the armature to the left with a force that exceeds the
force available from the solenoid. This of course
inhibits any anti-lock control in the event of emergency
braking but it does allow normal braking in spite of
solenoid leakage. When there is no leak, the armature
is free to move to the right when the solenoid is
energized.

The second and most important protection is pro-
vided by a hydraulic flow-control valve, illustrated
schematically in fig. 12 (F in fig. 8). It would be no use
relying on electrical protection (switching off the
power), as this would not be effective in the case of
some types of short-circuit or in the event of a faulty
seal or a ‘sticking’ armature in. the solenoid valve.

The hydraulic control valve of fig. 12 detects fluid
flow due to faulty operation or failure of the solenoid
valve. Only under one special set of circumstances can
flow due to this cause be distinguished from flow due
to normal anti-lock operation. This situation arises at
the onset of braking, before it is possible even theoret-
ically for the anti-lock mechanism to have been called
into use. Wheel inertia plays an essential role here,
since a certain brake pressure will always be required to
reduce wheel speed even if the wheel is not in contact
with the ground. This means that a certain value of
the pressure-time integral (fig. 13) must have been
reached before the anti-lock mechanism can be cailed
into operation. During this stage of inertial braking,
therefore, any flow of fluid through the solenoid valve
must be due to a fault. This flow is used to drive the
piston 4 (fig. 12) to the left in order to stop any further
flow.

If the system has not failed, the assembly must be
driven to the right before the pressure-time integral has
exceeded a given value in order that 4 may be cleared
from the bore so that the solenoid can perform’ its
anti-lock function if required. The piston is driven to°

[
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the right when the brake pressure acting on 4 over-
comes the spring force.

When there is zero leakage at the solenoid valve, the net force .

on the piston A driving it to the right is pp41— Fs. This is
approximately equal to ppA1 if the spring pressure Fs is low.

Movement of A4 is opposed by the viscous flow 4 of fluid
through the annular channel C:

_ ngdd
T 12nx

g Ap,

where d is the diameter of the piston, g the gap width, and x is the
remaining length of the channel (the initial equilibrium length,
when there is no brake pressure, is /). The pressure difference Ap
across the channel is equal to the excess hydraulic pressure set up
in the fluid to the right of the piston by the force acting on the left-
hand face, i.e.

Ap = (ppA1— Fs)[(Az— Ay).
Since the spring force Fs < ppA1 and A1 < A4s:
Ap ~ pvAi/Az.
The velocity of the pisto_n is then

g4 4 _ 7med pA 7283 ppds
T As— A1 Az 6nx Ag8/2 °
where d is expressed in terms of A».
The time T for A to clear the bore C, i.e. for the fail-safe valve

to be put out of action, is thus given by the equation

0 T
mlieg84y
- fxdx = —6—77—/1—2%' j pbdf,
! 0
from which it follows that:
T
3nAd28/2 12
be dt=_—_7t1/2g3A1 .
0

The value of the integral must be less than that corresponding to
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the time for the wheel to be braked to the chosen slip criterion
(= 10% in our example) under adverse conditions. This value de-
pends on the moment of inertia of the wheel and is given by K; WIAG,
where A is the permitted velocity change corresponding to the
chosen slip (> 10%) and Ky is a constant relating the braking
torque to the braking pressure.

Provided the value of the integral satisfies the requirements,
the fail-safe valve is cleared well before the anti-lock action could
be called on to take place.

.

The anti-lock actuator described here, originally
built for testing the electronic circuits of anti-lock sys-
tems, has worked well in field trials. Later versions
have been constructed with flow control via edge
orifices instead of annular channels to give a more
viscosity-independent behaviour. Some of these actua-
tors, incorporating many of the features described
here, are now under further development elsewhere.

Summary. Description of an electro-hydraulic brake-pressure
control, developed for testing electronic circuits for anti-lock
braking systems for road vehicles. After an introduction to the
problem and a short description of the contact between the tyre
and the road surface on braking, a survey is given of the basic
principles of anti-lock systems. Such a system consists of three
main parts: a sensor for the angular velocity of the wheel, a
processing unit, and an actuator that, if required, can reduce the
brake pressure and increase it again (this has since been
modified and improved). The actuator includes an electronically
controlled solenoid valve, which reduces the brake pressure if
wheel lock is imminent by causing brake fluid to flow out of the
brake system, a pump that returns the fluid to the master
cylinder, and a variable restrictor, which ensures that the rate at
which the brake pressure increases again depends on the type of
road surface. Various fail-safe arrangements are included to give
trouble-free operation: if a leak occurs in the solenoid valve, or
even if the valve stays open, normal braking is retained.
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An experimental video-telephone system

E. A. Aagaard, P. M. van den Avoort and F. W. de Vrijer

‘Mr. Watson, come here, I want you.” Those were the first words ever transmitted loudly
and clearly by telephone. It was the 10th of March 1876 and Alexander Graham Bell was
calling to his assistant for help, having splashed battery acid over his clothes while instal-
ling a new type of microphone. A hundred years have passed since then: the telephone is
now commonplace and thought and interest have moved on — in the direction of a combina-
tion of speech and vision. The video telephone is still in an experimental stage; not because
the necessary techniques are unknown but because of a desire to assess the value to the
user of the various facilities it offers. A small experimental system has been in operation
at Philips Research Laboratories for a number of years. Now the Netherlands Post
Office and Philips have jointly set up a ‘national’ experimental network and linked it up
with the original system. The article is mainly concerned with the system used at the
Research Laboratories and gives a general description. A subsequent article will examine

in greater detail the digital means used for synchronization and sound transmission.

Video telephone

The video telephone or videophone enables users
not only to hear but also to see each other. The call
gains considerably by this addition: users can see each
other’s facial expressions and show each other draw-
ings, documents, etc. Contact is thus closer and con-
versations are possible which could not be conducted
by ordinary telephone. The video telephone can even
be used for conferences, so that participants do not
have to travel.

The television picture accompanying the speech
forms a valuable addition to the telephone call even if
only the head and shoulders of the user are clearly
imaged. Naturalness is still further enhanced if the nor-
mal handset is replaced by a loudspeaking telephone.

A video telephone of this kind can be achieved with
existing techniques. For sufficient sharpness the picture
has to have about three hundred lines; the video signal
employed will then have a bandwidth of about 1 MHz.

The transmission of signals with that bandwidth over -

existing telephone cables is possible over short dis-
tances. As in the existing telephone service, the connec-
tions for a video-telephone service have to be estab-
lished through an exchange. Existing automatic tele-

phone exchanges are not suitable for switching signals
with such a large bandwidth; either they will have to
be modified or special exchanges must be built.

In view of this situation it has been suggested that
completely new broadband systems should be built,
which could also be used for the transmission of data
and facsimile and for the distribution of broadcast
television. The existing telephone cables, however,
could still be used for local video-telephone circuits.

To enable the technical problems associated with a
video-telephone service to be studied and the utility of
such a service to subscribers to be evaluated, a small
experimental system of 20 stations was set up at
Philips Research Laboratories in Eindhoven. Some of
these stations are located in video-telephone kiosks for
general use. The system, which went into operation in
1972, has now been incorporated in a larger experimen-
tal network with trunk circuits between The Hague,
Leidschendam, Hilversum and Eindhoven ( fig. I), set
up jointly by the Netherlands Post Office and Philips
Telecommunication Industries (1. This larger system,
comprising a total of 65 stations, went into use in
March 1974,

Ir E. A. Aagaard and Ir P. M. van den Avoort are with Philips
Research Laboratories, Eindhoven; Dr F. W. de Vrijer is with
Philips Research Laboratories, as a Scientific Adviser.

(11 L.J. W. van Loon, H. van der Hoff and S. J. A. Knijnenburg,
An experimental video telephone network, Philips Tele-
comm. Rev. 32, 11.23, 1974,
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in the camera tube is shifted, while zooming is effected
electrically rather than optically, by reducing the
scanned area of the target.

The depth of focus has to be sufficiently large to
allow the speaker to move forwards and backwards
slightly without the picture becoming blurred. How-
ever, any loss of definition less than that resulting from
the line structure is imperceptible and therefore per-
missible. At the lowest focal length used, 16 mm, the
depth of focus with the diaphragm fully open (f/2.8)
is 70 cm, which is adequate. Zooming reduces the depth
of focus considerably; see fig. 7. Fortunately, the zoom
lens is used chiefly for displaying documents, when the
reduced depth of focus is not a disadvantage.

The diaphragm is automatically controlled to
ensure the correct illumination for all lighting levels.
The adjustment is effected by comparing the output
voltage from the camera tube with a reference voltage.

Graphic mode

Documents can be most conveniently shown to the
person at the other end of the line if they can be placed
flat on the table. A small retractable mirror with a lens
attachment has been installed above the camera lens
for this purpose. With this mirror in position the
object plane coincides with the surface of the table.
The maximum size of the object plane is then about
18 %X 13.5 c¢m, and this can be reduced to a minimum of
about 8 X 5.5 cm by zooming.
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Fig. 7. The depth of focus D of the camera optics as a function of
the relative aperture ¢ of the lens. A the normal focal length
(f=16 mm) with the dlaphragm fully open ( f /2.8), the depth
of focus is 70 cm, which is adequate for imaging the speaker.
Zooming increases the focal length and reduces the depth of
focus. :
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For good legibility at the far end of the connection
documents have to be prmted in a bold letter face. A
printed page taken from this journal, for instance,
would not be legible. Typéd text is a borderline case.
Drawings have to be simple and lines not too thin; a
felt-tip pen gives good results. ' (

Voice switch

Unlike the ordinary telephone system, the loud-
speaking video-telephone system has separate speech
circuits for the outgoing and incoming directions be-
cause the sound is combined with the picture to form a
single signal. Without special precautions a closed cir-
cuit, partly electrical and partly acoustic, due to feed-
back from the loudspeaker to the microphone would be
created for the sound and self-sustained acoustic oscil-
lation (‘singing’) could occur. To prevent this, sound
signals are admitted to only one direction of transmis-
sion at any given time. This is done by a voice switch in
the video-telephonestation, which compares the strength
of the incoming signal with that of the outgoing signal
and decides whether the outgoing signal will be trans-
mitted. Switching occurs with a slight delay, chosen
such that excessively frequent switching, e.g. due to
background noises, is avoided, while loss of some
speech elements due to the operating delay is not found
to be annoying.

The voice switch derives its control signals from a
compression-expansion (compander) circuit associated
with the digital coding of the sound signals.

Screening

The combination of equipment needed to form the
video-telephone station tends to give rise to certain
characteristic faults. One of these is a disturbing
whistle at the line frequency; another is the interference
at the camera section from the deflection fields and
voltages in the picture tube. ‘

The line frequency used for the v1deo telephone is
7825 Hz. Unless precautions are taken, a tone at this
frequency is radiated as a result of magnetostriction in
the transformers of the line-deflection and EHT cir-

‘cuits and in the deflection unit of the picture tube. This

line frequency is in the middle of the audio band, unlike
that which occurs in broadcast television (at 15 625 Hz)
and which many viewers do not even notice. The main
sources are the transformers;. they are encapsulated in
rubber in the video-telephone station and fitted with
acoustic screening. This has the effect of making the
EHT and deflection circuits somewhat bulky.

The magnetic and electrical crosstalk due to the
deflection signals is another typical video-telephone
problem, since the camera tube and receiver tube are
along'side each other while the picture scanning is not
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actual video signal. Moreover, sync pulses of large
amplitude have a marked tendency to cause inter-
ference on other circuits. For these and other reasons
it was decided to employ a digital synchronization
system with pulses of amplitude only 109 of the black-
to-white distance; see fig. 10. These pulses are situated
symmetrically about the black level, which is conse-
quently easily identified. This also means that only 5%
‘of the black-to-white distance need be reserved as
signal space for the sync pulses.

All sync signals at the transmitting and receiving
ends are derived from a high-frequency oscillator
which also generates the bit-clock signals. The oscil-
lator at the receiving end is synchronized with the
transmitting oscillator by means of the pulses in period
Bj. Signals Sy and Ss are used for field synchronization
and can be easily accommodated in the vertical-flyback
period. These signals are shown in fig. 8, where S is

BI
v

0%

Fig. 9. Sync pulse in a broadcast-television signal. The amplitude
..of the pulse is about 40 % of the distance between the white level
* Wh and the black level B/l. The pulse therefore occupies a consid-
- erable part of the signal space.

B, B [ S

Flg 10. Sync pulses in the video-telephone signal. Pulses for bit
synchromzatlon are transmitted in period B (see also fig. 8) and
the sound in digital form in period Be. This is done both during
the transmission of the picture (above) and during the vertical-
ﬂyback time (below). A line from the vertical-flyback time is
shown in which the field-sync signals S1 and the dialling informa-
tion S occur. The peak-to-peak value of the sync signal is 109
.of the distance between the white level Wh and the black level
BI; the additional demand on the signal space by the sync signal
is thus only 5% of the black-to-white _distance.
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the signal for even fields and S that for odd fields. They
are series of 32 bits; Sz is the logical inversion of Sj.
The pattern of this series is stored in the receiver and
the flow of incoming bits is continuously compared
with it. The bit series (in which the first 31 bits corre-
spond to a period of a ‘maximum-length sequence’) is
chosen in such a way that the chance that interference
will cause the receiver to indicate a correspondence at
the wrong time is at a minimum. This sync system is so
insensitive to noise and other interference that syn-
chronization is not lost until interference levels are
reached at which the picture and sound have already
become unacceptable.

In the first part D, of the vertical flyback period D
(fig. 8), a continuous succession of 0’s and 1°s is trans-
mitted for the purpose of effecting clock synchroniza-
tion at the start of a call and establishing the black
level. Only after this synchronization can the signal $)
and Sz be decoded.
~Tnrthe second part D of the vertical-flyback period
many bit places are still not used. Ten lines are sup-
pressed per field; D2 contains five of these in the
experimental network but can be extended. Every line
can accommodate 128 bits, 20 of which are needed for
line synchronization and sound, which continue during
the flyback period. That leaves 540 bit places per field,
of which only 32 are used for field synchronization. A
use can be found for the remaining bits. A modest start
has been made in the experimental network by using
4 bits immediately after the 32-bit series to transmit the
called subscriber’s number, which is conveyed in dig-
itally coded form to the exchange.

This still leaves an unused bit flow of approximately
25 kbits/s, but this could be employed to carry various
kinds of information, not necessarily connected with
the video-telephone call. An example of such informa-
tion directly associated with the operation of the sys-
tem would be a statement of the charge for a cali or a
warning that a third subscriber is calling.

Summary. Since 1972 a video-telephone service has been in use
by way of an experiment at Philips Research Laboratories in
Eindhoven; there are 20 terminals. Since March 1974 the service
has been connected to Philips establishments at Eindhoven and
Hilversum and the Netherlands Post Office at The Hague and
Leidschendam. The system uses a 313-line television picture. At
local level the video signal, which has a bandwidth of over
1 MHz, is conveyed on ordinary telephone lines, with repeaters
inserted at intervals of 2 km. Radio links and coaxial cables are
used for trunk traffic. A telephone exchange with special facilities
is necessary. The sound signal, digitally coded, is transmitted
during the line-flyback time of the television picture. A loud-
speaking telephone is-used. There are conference stations and
video-telephone kiosks. The value placed upon a video telephone
call by the users is found to be somewhere between those of an
ordinary telephone call and an actual conversation. Video calls
last longer on average than ordinary telephone calls.
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thermal treatment of thermoplastics usually requires
special precautions to ensure that the polymer does not
depolymerize and evaporate, or melt, before becoming
carbonized in the required manner.

The process that we use to form the carbon skeleton
for the glassy carbon foam is nevertheless based on
foamed thermoplastic, in particular on foamed poly-
urethane. The reason for this is that advantage can
then be taken of the exceptionally wide range of pos-
sible variations in the cellular (or reticular) structure of
these particular foamed materials (7],

The foamed polyurethanes have pores with an aver-
age diameter of 0.1 to 5 mm, depending on the degree
‘of hardness obtained in the preparation. The ‘softer’
kinds exhibit the desired structure consisting of

‘filamentary cells’, which provide an open skeleton -

whose pores are readily accessible, and to which it is
therefore easy to apply a ‘second phase’.

Before the foamed material is impregnated with the
carbon-rich liquid that will supply the second phase
on pyrolysis, it must first be stabilized to ensure that
the impregnating agent does not cause the material to
swell, soften and eventually collapse.

Preliminary treatment: stabilization of foamed thermo-
plastics

Stabilization is sometimes effected by using gas oxi-
dation to cross-link the starting polymers. We adopted
a faster method by applying a protective layer to the
thermoplastic filament cells by means of a liquid treat-
ment. In this method of ‘stabilization’ an open foamed
polyurethane is immersed at 80 °C in a solution of
polyvinyl alcohol (5%) in water, and the water is then
evaporated at 100 to 130 °C. The effect of this is to
envelop the original cell filaments with a film of poly-
vinyl alcohol, which does not readily dissolve in the
impregnating agent used in the next preparation step
for the formation of glassy carbon.

Impregnation: introduction of thermosetting material

Since the purpose of the impregnation is to coat the
material with a film of carbon-rich material capable of
being converted into glassy carbon by pyrolysis, the
coating substance will have to be a suitable type of
thermosetting material [8),

The impregnation was usually carried out with
bhenol—resin solutions in ethyl alcohol. The amount of
resin to be used can be regulated by the concentration
of the impregnating agent and the number of times the

impregnation is repeated. The more concentrated — -

and viscous — the impregnating agent, the less often
the impregnation need be repeated. We have found
that it is preferable to repeat the impregnation many
times with an agent of low concentration and hence
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low viscosity, because this is the only way to achieve
sufficient homogeneity and preservation of the open
structure.

Before each fresh impregnation the layer previously
applied has to be consolidated in a drying and poly-
merization process, for example by keeping everything
for 20 to 30 minutes at 130 °C.

Pyrolysis and purification

A special method of pyrolysis is also required to con-
vert the applied resin in the glassy carbon (8. This is
because the glassy carbon possesses the feature, unique
among all the carbon products prepared from organic
substances by pyrolysis, that it owes its great strength to
the fact that the ‘graphite crystallites’ are formed dur-
ing -pyrolysis in situ, while retaining their mutual
cohesion through strong C-C bonds (see also fig. 3b).
This implies that the pyrolysis must be carried out in
such a way that the decomposition products do not
escape abruptly.

After undergoing the preliminary ftreatment de-
scribed above, the material is subjected to a heat treat-
ment in two stages [91. In the first stage, which includes
the carbonization, the temperature is gradually raised
in an inert atmosphere to 900-1000 °C (see fig. 12, .
curve 7). The material is now completely carbonized,
but it still contains impurities, such as auxiliary
materials used in the polymer preparation and hydro-
gen, one of the principal decomposition products of the
pyrolysis process.

The second heating stage, designed to remove the
impurities, is carried out in vacuum, and the tempera-
ture can now quickly be raised to 1600 °C or higher
(curve I in fig. 12).

1500°C

1000

500

0

1 !

1 10 100 1000h

Fig. 12. Heat treatment for the pyrolysis of a resin-coated foamed
polymer to produce glassy carbon foam. After an initial stage, in
which the temperature varies as a function of time as illustrated
in curve 1, the material is subjected to a second treatment as
shown by curve II. The first step causes carbonization, the second
step is designed to remove impurities. .
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The very gradual nature of the first heating stage is

necessary to give the decomposition products an
opportunity to escape by slow diffusion processes. This
ensures that the structure of the material is not
destroyed, giving a fragmented product.
- “The sluggishness of this diffusion sets the limit to the
thicknesses in which glassy carbon can be produced.
The porous structure of carbon foam however, reduces
the severity of the problem: the glassy carbon applied
is still thin, but the product as a whole is not.

Properties of glassy carbon foam

The properties of glassy carbon foam are directly
connected with the density. The variation of compres-
sive and shearing strength with density is shown in
fig. 13a and b. It should be noted here that these prop-
erties are also affected by the pore structure (size,
shape and concentration), so that the values given
should only be regarded as averages. A suitable com-
promise between strength and lightness can be found
in the density range from 0.75 to 0.3 g/cm3, which
corresponds to a pore volume of 50 to 809(. The
thermal and electrical conductivities as a function of
density are shown in fig. 13¢ and 134.

The dashed line in the figure indicates the values
found for non-reinforced carbon foam. It may be
concluded from this that, if the density of glassy car-
bon foam is increased by a factor of 10 over that of
non-reinforced carbon foam, the strength can be in-
creased by no less than a factor of 100. This ‘asym-
metry’ partly accounts for the gain in strength offered
by our glassy carbon foam.

Another improvement offered by glassy carbon foam
as compared with ordinary carbon foam is found in its
resistance to oxidation ( fig. 14). Although oxidation of
both glassy carbon foam and non-reinforced carbon
foam starts at about the same temperature, irrespective
of the density, it proceeds more slowly with rising tem-

[7) See for example C. J. Benning, Plastic foams, volumes I and
II, Wiley, New York 1969.

I8 Since present knowledge of the pyrolytic growth process is
still scanty and superficial, the choice of the basic chemical
materials and the form of pyrolytic treatment was baséd
mainly on experiment. Variation of these factors leads to very
great changes in the properties of the applied layer of glassy
carbon.

We shall not consider the technical details of the carboniza-
tion process here. This is conventional, as described in:
A.K.Thoeni, G. K. Baker and R. P. Chartoff, Bendix tech. J.,
Spring 1969; B. Lersmacher, Hochtemperaturfester Schaum-
stoff, Vortragsmanuskript DGLR-Tagung, Bremen 1969;

* American patents Nos. 3387940, 3121050 and 3342555;

French patent No. 1388818.
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is achieved by converting the surface of the glassy
carbon foam into silicon carbide by reacting the surface
with silicon. .

We have tested the resistance to oxidation of this
‘silicized’ material by exposing it to air for 50 hours at
a temperature of 1000 °C. Samples in which the applied
silicon had been completely converted to silicon carbide
showed no loss in mass under these conditions and no
reduction of compressive strength.

This method of ‘silicizing’ carbon foam can also be
carried out in such a way that instead of a ‘smooth’
silicon-carbide layer (fig.15a) a covering layer is
formed which has SiC whiskers that penetrate into the
pores (fig. 15b). A whiskered skeleton of this type
seems to lend itself excellently as a means of rein-
forcing metals to provide great stiffness.

Some actual and potential applications

The lightness, strength and chemical resistance of the
glassy carbon foam we have prepared at once suggest
the possibility of using it as a structural material.
When we consider its low thermal conductivity, it
becomes clear why the material is able to meet the
space-technology specifications for self-supporting
heat shields (e.g. in the ‘Space Shuttle’ project). The
material is of course generally attractive for heat
insulation in the more earth-bound applications as
well. The nature of its porosity (which makes the
internal surface readily accessible) means that the
material could also find useful application as catalyst
substrates, corrosion-resistant filters, heat exchangers,
etc. Its electrical conductivity allows it to be used in all
kinds of electrodes, in combination with the other ap-
plications. If its electrical conductivity is suitably ad-
justed, the material can also be made suitable for the
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manufacture of heating elements. The possibilities we
have described for'varying and modifying this material
greatly increase its potential applications in industry
under a wide variety of conditions.

The new material is also of interest in medical
science. Since it is immunobiologically neutral and
also, because of its pore structure, provides a good
basis on which new tissue can grow, it would seem to
be very suitable for internal application in prostheses.
It can be given a close functional resemblance to real
bones by filling moulds of solid glassy carbon with
glassy carbon foam.

Our main application for the material so far is in
glass technology. Glassy carbon is already widely used
here since it is not ‘wetted’ by molten glass and it stands
up well to the thermal shocks often encountered in
glass treatment. The extension of the development to
give glassy carbon foam has very greatly widened the
useful scope of the material in this field.

Summary. A light and porous type of carbon is described, called
glassy carbon foam, which has relatively low thermal and elec-
trical conductivities but is very strong. It is prepared from foamed
polyurethane with a reticular structure; the foamed material is
successively stabilized, impregnated, e.g. with a phenol-formalde-
hyde-resin solution, and subjected to a mild pyrolytic treatment.
The material owes its strength to the formation of glassy carbon
from the resin phase (this is why the pyrolysis is subject to certain
restrictions). The density of the material, and hence its compres-
sive and tensile strengths and its thermal and electrical conductivi-
ties.are controlled by varying the porosity of the original foamed
material, the degree of impregnation and the method of pyrolysis.
The magnitude and accessibility of the internal surface also allow,
the material to be converted into a variety of porous metal-
carbon composites and carbides. The product obtained when the
material is reacted with silicon is highly resistant to oxidation,
Glassy carbon foam — and its various modifications and com-
binations — can be used as a structural material, for heat shields,
for corrosion-resistant filters, heat exchangers, electrodes, heating
elements, internal prostheses, etc. and in glass technology.

The subject is introduced with a general discussion of the
structure and growth of carbon. ..
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Continuous cooling in the millikelvin range

F. A. Staas

The cooling of a system to very low temperatures is a means of investigating weak
interactions that would be completely swamped by other effects at higher temperatures.
In the temperature range of about 1 to 10 K, superconductivity and superfluidity are
among the striking effects that arise because of the dominance of certain interactions.
There are quite a number of interesting interactions, however, such as magnetic inter-
actions between nuclear spins, that only become dominant in the millikelvin range. As
long ago as the thirties the millikelvin range was reached by means of adiabatic de-
magnetization, but this method has the disadvantage that the cooling process is a
‘single-shot’ method. Continuous cooling in this range first became feasible with the
advent of the ‘dilution’refrigerator’ in the sixties. The dilution refrigerator described
in this article is capable of extracting about ten times more heat per second from the

environment than earlier types.

Low-temperature research would nowadays scarcely
be conceivable without liquid helium as a ‘cold bath’.
Under normal pressure helium boils at 4.2 K. In 1908,
on the very same day that he became the first to liquefy
helium, Kamerlingh Onnes obtained a temperature of
1 K by vigorously pumping away the helium vapour
above the liquid (the experiment was in fact part of an
abortive attempt to solidify the helium).

Temperatures much lower than 1 K cannot be
reached in this way, because the cooling capacity then

approaches zero. This quantity is determined by the.

amount of helium vapour that can be removed per
second, 1n other words it depends on the pumping
capacity and the vapour pressure. At 1 K the vapour
pressure of helium is still 16 Pa (0.12 mm Hg), but
at 0.5 K it is no more than 2.1 x10-3 Pa (1.6 X 10-5 mm
Hg). In 1932 W. H. Keesom obtained a temperature of
0.71 K (vapour pressure 0.5Pa) with a pumping capac-
ity of 6751/s. These figures relate to naturally occurring
helium, which consists almost entirely of 4He. It is pos-
sible with the (very expensive) isotope 3He, which has a
higher vapour pressure at the same temperature (boiling
point 3.2 K), to reach a temperature of about 0.3 K by
pumping.

The millikelvin range was opened up in the thirties by
means of ‘adiabatic demagnetization’. This method,
which will not be dealt with here, has the disadvantage
for the experimenter that the cooling process occurs
once only (single-shot experiment). Continuous cooling

in the millikelvin range did not in fact become possible

Dr F. A. Staas is with Philips Research Laboratories, Eindh_oven.
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Fig. 1. Phase diagram of liquid mixtures of 3He and 4He. T is
the temperature, X the molar concentration of 3He in the mix-
ture; X = ng/(n3 4 ng), where nz and ng4 are the number of
moles of 3He and 4He respectively. In region I (He I) the liquid
is normal, in region I7 (He II) the 4He component shows super-
fluid properties. In the hatched region®phase separation takes
place. .

until the sixties, with the advent of the dilution refrig-
erator discussed in this article.

The operation of the dilution refrigerator is based on
some special properties of liquid mixtures of 4He and
SHe. These are summarized in the phase diagram given
in fig. 1, which shows the temperature T plotted against
the molar concentration X of the 3He in the mix-
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a b

Fig. 7. Momentum space for a free particle in two dimensions.
The lattice points are the quantum states. At T = 0 all particles
condense in the lowest state in the case of Bose-Einstein statistics
(a). In the case of Fermi-Dirac statistics the particles at 7 =0
occupy a ‘sphere’ of lowest states (b). Thus, at T =0, Fermi
particles (fermions) still possess an average momentum. This
accounts for the osmotic pressure which 3He in 4He still possesses
at T=0.

where U is the kinetic energy per cm3. (The ideal gas
law (1) follows from (2) with U = 2 oRT for a Boltz-
mann gas.) We consider a volume of 1 cm? and fill it
at T = 0 with one particle after another. The radius p
of the Fermi sphere — the sphere of occupied states in
momentum space — then steadily increases. The num-
ber of particles present at a given instant in the volume
of 1 cm3, i.e. the density #, is proportional to the volume
of the Fermi sphere, i.e. to p3, if n is large. On the other
hand, the energy ¢ of the last particle added is equal to
p?/2m, where m is the mass per particle. Consequently
¢ is proportional to #2/3. Fig. 8 gives a plot of ¢ as a
function of n. The total energy U is the sum of all the
particle energies. For large n the quantity U can be
expressed as an integral equal for n = ng to the cross-
hatched area in fig. 8. The effective mass of *He atoms
in superfluid 4He is 2.34 times the true mass. Using this
to calculate the integral to a limit #p corresponding to
X = 6.49%, we then find from (2) a pressure of 2900 Pa
(22 mm Hg) for the Fermi-Dirac gas. The discrepancy
from the experimental value (2300 Pa) must be attrib-
uted to a weak interaction between the 3He atoms.

Fig. 9 demonstrates once again the practical impor-
tance for the dilution refrigerator of the fact that the
3He behaves like a Fermi-Dirac gas.

Finally, we shall briefly consider the solubility of 3He
in 4He. The volume of liquid 3He is 37 cm3 per mole,
that of 4He is 28 cm3 per mole. Thus, 3He atoms occupy
a greater volume in the liquid than ¢He atoms.
Theoretically this would be expected : the amplitude of
the zero-point vibration, which each enclosed particle
still performs at T = 0, is greater for the lighter 3He
atoms. Fig. 10 pictures the situation for liquid 3He
floating on liquid 4He; the difference in atomic volumes
is greatly exaggerated. Owing to the attractive forces
(Van der Waals forces) the particles tend to bunch as
closely as possible together. A 4He atom will not tend
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to move towards the 3He, where it would have fewer
neighbours at a greater distance (measured from centre
to centre). Conversely, a 3He atom will prefer to move
towards the 4He, since it will then have more neigh-
bours at a shorter distance. On the other hand, the 4He
atoms will have to move away from each other to admit
a 3He atom. As confirmed by theoretical calculations [6]
it turns out that energy is gained upon such a transition,
i.e. the thermodynamic potential u. of ®He atoms in
pure liquid 3He in relation to that in pure liquid 4He
is positive. As the Fermi sphere fills up, however, the
energy gain decreases with the increase in the number
of 3He atoms in the 4He, and equilibrium is reached at
X = 6.4Y%,. In fig. 8, e may be regarded as the thermo-
dynamic potential uq of 3He atoms in a dilute solution

He

€=y

00 g
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Fig. 8. The energy ¢ of a particle as a function of the particle
number 7 in the case of Fermi-Dirac statistics when a volume of
1 cm? is filled by particle after particle at T = 0. The energy
per cm® (U) of a Fermi-Dirac gas with ng particles is equal to
the cross-hatched area. From the relation & oc n2/3 it follows
that the hatched area is equal to 2/3 of the cross-hatched area.
This is therefore equal to the pressure P. Applying this approach
now to helium, ¢ is the thermodynamic potential xq of 3He atoms
in the dilute solution (compared with that in pure 4He). A dilute

. -Solution is in equilibrium with concentrated 3He when u4 is equal

to the thermodynamic potential u. of 3He atoms in the con-
centrated 3He.

with respect to that in pure 4He. At equilibrium, uq is
equal to .

The energy gain on the transition of a 3He atom from
pure 3He to pure 4He is in sharp contrast with the con-
siderable energy loss, due to the Van der Waals forces
in the liquid, that occurs on the transition of an atom
from the liquid to true vacuum. It is of course the
magnitude of this energy loss that accounts for the
vapour pressure being so small at low temperature. In
4He the Van der Waals forces are stronger than in 3He
and therefore the vapour pressure of 4He is lower at
the same temperature, as we have already seen.
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Eq. (4) gives the cooling capacity Q at a given Ty, or
the lowest attainable temperature Ty for a given heat
load Q. The equation shows that in the first case the
cooling capacity increases, and in the second case the
attainable temperature decreases for increasing values
of As. : : )

Raising #3 indefinitely, even if it could be done, is
however no help if the heat exchanger is not ideal. This
is because only a limited quantity of heat can be trans-
ported per unit time from Py to Ps. With increasing 73
a value is eventually reached at which'it is no longer
possible to cool the liquid in Py from 0.7 K, the starting
temperature, to the temperature of the mixing chamber.
It then follows at once from eq. (3) that the cooling
capacity at a given i3 is smallér than it was before, since
Ty is now greater than T at the lower end of W. Let us
now suppose, however, as a second extreme case, that
the heat leakage Q is zero. Then from eq. (3), for each
cross-section between a and c:

. . Te=Yalf T1 =035Th. )

The lowest attainable temperature is now determined
by the lowest value of T1(a) that can be reached with
the heat exchanger:

T = Ta(a) = 0.35 T1(a). | (6)

Taken iogether this yields the following picture. If
we let the circulation rate 73 increase from zero, the
heat exchanger is initially adequate, and eq. (4) is ap-
proximately valid. This implies that at a given Q the
temperature T decreases. At a later stage, however,
the heat exchanger is no longer able to cope. Ti(a) then
begins to rise. Since at the same time Q has then be-
come relatively small, eq. (6) is approximately valid,
so that Tir also starts to rise. There is therefore an
optimum value for i3, which is higher the better the
heat exchanger.

In a good heat exchanger the two liquid flows are
separated by only a thin foil with the largest possible
surface area. Heat exchangers of this type serve their
purpose well down to about 100 mK. As the tem-
perature decreases further, however, they rapidly deter-
iorate because of the marked increase in the Kapitza
resistance. This is the resistance to the heat flow that
arises at the interface between two dissimilar media,
and is a consequence of the difference in the velocity of
sound in the two media (due to differences in density
and stiffness). Owing to this acoustic mismatch the
majority of the phonons — i.e. the waves that are
responsible for the heat transport — are reflected from
the surface. In a heat exchanger for liquid helium the
Kapitza resistance is about 104 times as large as the
thermal resistance of the metal of the wall itself.- The
steep rise with falling temperature is attributable to a
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decrease in the phoﬁoh density. The heat flow QOx
throqgh the interface can be represented by

Ox cc T14— Tt @)

- If there is any significant difference between T3 and
T2, as in the case where the heat leakage is negligible
(see eq. 5), then Qx is almost completely determined
by T1. Equation (7) shows that Qx is strongly depend-
ent on T1. ‘ '

The increase in the Kapitza resistance is a serious
obstacle to the attainment of temperatures below
10 mK. An added difficulty is that the viscosity of
liquid 3He behaves very differently from that of the
superfluid: it increases with falling temperature. Be-
cause of the large surface area necessary in the heat
exchanger, at low T and high 73 this can easily lead to
considerable viscous heat generation in P;, which
counteracts the cooling.

Largely because of the improvements in heat ex-
changers there are now conventional dilution refrigera-
tors available that can reach a Ti(a) of about 30 mK,
and therefore a T of about 10 mK. In the refrigerator
shown in fig. 5 the part of the heat exchanger at the
lowest temperature is divided into four sections Wig;
the partition in each of these, separating the liquids,
is a folded sheet of foil with a surface area of 350 cmz2.

The optimum value of 73 determined by the heat ex-
changer amounts to about 10 pmol/s in small refrigera-
tors, and to about 100 umol/s in large ones. This cor-
responds to cooling capacities at 100 mK of the order
of 10 wW and 100 W respectively, as may be deduced
from eq. (4). In the new type of dilution refrigerator to
be discussed shortly, the heat exchanger problem has
been completely bypassed. As a result it is advantageous
to use higher rates of circulation. With an 73 of about
1 mmol/s we have achieved a cooling capacity at
100 mK of the order of 1 mW.

Other factors

In the still of the conventional dilution refrigerator
the concentration of the 3He in the liquid, and con-
sequently the vapour pressure of the 3He above the
liquid, is fairly low (see fig. 9). This implies that to reach
a large 713 a high pumping capacity is required. The very
high circulation rate of 1 mmol/s used in the new
refrigerator would necessitate a very expensive pump
installation in a conventional machine. As we shall
show, this is not the case in the new refrigerator because
we have succeeded in applying a special method of
forced circulation of the ®He in the dilute solution,
increasing the vapour pressure in the vaporization
chamber by about 30 times. o

Finally, we should mention the following difficulty in
the conventional refrigerator. At the top of the pipe P
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Electro-optic deflection of a laser beam

U. J. Schmidt

Although it seemed at first that the laser would have many technical applications, they
have been relatively few in number until a few years ago. At Philips Forschungslabora-
torium Hamburg a group of scientists have designed and developed a practical method
Jor deflecting a laser beam in a large number of fixed directions (‘digital deflection’).
This method offers a whole range of possible applications, from magneto-optic computer
memories to data projection on a screen several square metres in area, with 108 picture
elements. One of the prototypes of such a display is already in use elsewhere in Germany.

A new technique, known as digital light deflection,
allows a beam of laser light to be deflected very rapidly.
The deflection is controlled by electrical signals, with-
out the need for any moving mechanical components.
The method makes use of classical physical effects and
can in principle be used to deflect any light beam, but
owes its significance to the special properties of laser
beams. After a certain amount of refinement, this new
electro-optic technique will make the laser available
for application in many different fields of technology.
These could include telecommunication, mass mem-
ories [*], the manufacture of microfiches, and large-
screen projection.

This article will be chiefly concerned with the deflec-
tion method developed at Philips Forschungslabora-
torium Hamburg. As an example of an important ap-
plication, a large-screen projector controlled by a com-
puter will be described. This gives a picture several
square metres in area and consisting of 1024 x 1024
(i.e. 220) picture elements. Before going on to discuss
this application, we shall first consider the physical
basis of our deflection method, as well as some of the
technical aspects of the equipment and some of the
details concerning the design of the 20-stage deflector
that forms the heart of the large-screen projector [21,

Dr U. J. Schmidt, now with the Philips Data Systems Division at
Eiserfeld, West Germany, was formerly with Philips GmbH For-
schungslaboratorium Hamburg, Hamburg, West Germany.

The physical basis of digital light deflection; the prin-
ciple of a 20-stage deflector

Fig. 1a gives the starting point for our method of
digital deflection [21: the double refraction in a prism,
preferably ground from a calcite crystal, in such a way
that the refracting edge of the prism is parallel to the
optical axis. With this arrangement a well known
experiment can be performed: a beam of light incident
on the prism will be seen to separate into fwo beams,
the ‘extraordinary’ beam (J) and the ‘ordinary’ beam
(2). The extraordinary beam is linearly polarized paral-
lel to the optic axis, the ordinary one perpendicular to
it. If the incident beam is itself already linearly polar-

[*] An article on this will appear in the next volume of Philips
Technical Review. (Ed.)

(13 Further descriptions of this application can be found in:
U. J. Schmidt, Present state of the digital laser beam deflec-
tion technique for alphanumeric and graphic displays, in:
E. Camatini (ed.), Progress in electro-optics, Plenum Press,
New York 1975, pp. 161-179;
W. Thust, Grossbilddarstellung mit Laser, Umschau 75,
374-375, 1975;
W. Thust, Laser beam deflection in large scale display
writing, Acta Electronica 18, 233-239, 1975;
E. Schroder, Digitale Laserstrahl-Richtungsmodulation und
ihre Anwendungen, Feinwerktechnik + Micronic 78, 64-68,
1974;
E. Schroder, Digital electro-optic light deflection, 4. Int.
KongreB fiir Reprographie und Information 1975, Zusam-
menfassung der Vortriige, pp. 40-42.

21 U. J. Schmidt, in: D. K. Pollock, C. J. Koester and J. T.
Tippett (ed.), Optical processing of information, Spartan
Books, Baltimore 1963, p. 98.
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ized parallel to the optic axis, the light only propagates
in direction 1; if the beam is polarized perpendicular
to the optic axis, it only propagates in direction 2. This
effect we now put to use. It explains why the deflection
method that we describe here is known as ‘digital’. By
orienting the polarization plane so that either the one
or the other of the two orthogonal polarization states
arises, the incident light beam can be deflected in either
the first direction or the other.

Philips tech. Rev. 36, No: 5

based on various physical effects, but as yet the only
practical type that will give speeds into the ps range or
faster is the well known Kerr cell. The essential com-
ponents of a Kerr cell ( fig. 2) are two planar electrodes,
of length I, placed opposite each other and with an
electro-optic liquid between them. When a voltage is
applied across the electrodes, the liquid becomes bire-
fringent. The state of polarization of light passing
through the cell then undergoes a change. The phase

Fig. 1. a) When a beam of light is incident on a prism of birefringent material (refracting
angle ¥) whose optic axis (0a) is parallel to the refracting edge, the beam separates into a beam
linearly polarized parallel to the optic axis (beam J, the ‘extraordinary ray’), and a second
beam, polarized perpendicular to the optic axis (beam 2, the ‘ordinary ray’). If the incident
beam is itself linearly polarized in one of these two directions, then only one beam is trans-
mitted. By rotating the plane of polarization of the incident beam through 90°, the transmitted
beam can be made to switch from direction 7 to direction 2, and vice versa (‘digital deflection’).
b, ¢) A separation into two parallel beams can be obtained by using a birefringent crystal with
two parallel surfaces and the optic axis in the direction of the arrow, or by using a birefringent
plate and an ordinary mirror M, with the angle of incidence such that the ordinary ray (o) is
reflected and the extraordinary ray (e) is just not reflected. In cases (@) and (c) the elements
must be located in a medium of suitable refractive index.

Fig. 2. Principle of the construction of a Kerr cell. Two parallel electrodes are located in an
electro-optically active liquid. When a voltage V is applied, the liquid becomes birefringent.
A phase difference dependent on the applied voltage then appears between the component of
the emergent beam polarized parallel to the electric field and the component polarized perpen-
dicular to the field. If the incident light is linearly polarized with the plane of polarization in
the state shown, and the voltage is selected to give a phase difference of 180°, then the emergent
beam is also linearly polarized, in a plane perpendicular to the first one.

The principle just described is not the only one that can be
applied in the digital defiection of a laser beam. Two other solu-
tions have been quoted in the literature 131 [4]. These are indicated
schematically in fig. 16 and lc; in both cases a birefringent plate
is substituted for the birefringent prism. The two possible polar-
ization states are then used to give a beam displacement by bire-
fringent refraction or a deflection as a result of birefringent
reflection.

The polarization plane can be made to rotate in a
number of ways. Because of the high-speed operation
required in many applications, it is necessary to use
electro-optic polarization modulators with no moving
parts. Polarization modulators can in' principle be

difference @ between the amplitude component of this
beam parallel to the applied field and the component
perpendicular to it is given by Kerr’s law:

® = BI(V|d), )

where B is Kerr’s constant and d is the spacing between
the electrodes. With such a device dn incident linearly
polarized beam can be converted into a linearly polar-
ized emergent beam whose plane of polarization makes
an angle of 90° with that of the incident beam. This is
done by setting these directions of polarization at an
angle of 45° to the direction of the electric field and
also applying a voltage such that the phase difference
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between the two components of the emergent beam is
exactly equal to 180° (‘44 shift’). It follows from (1)
that this voltage must be equal to d(r/BI)*.

The combination of a polarization switch and a
prism, as shown in fig. 3a, is the basic element of our
devices for deflecting a laser beam: we call the com-
bination a deflector stage. Fig. 3b illustrates the vital
step that took us from the simple experiment of fig. la
to the concept of the digital deflector; the two direc-
tions in which the first stage deflects the light can each
be doubled by adding a second stage, which splits the
light by an angle twice as large as the first stage. To
generalize, a series of N stages, with the splitting angle
of each successive stage twice that of the one before,
allows the beam to be directed towards the 2% different
addressable locations. Fig. 4 shows an extension of the
idea, in which a linear deflection is converted to one in
two dimensions, for a six-stage deflector. The prisms
in three of the stages are rotated by 90° about the axis
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Fig. 3. @) A deflector stage consists of a combination of a Kerr
cell (fig. 2) and a calcite prism (fig. 1a). The voltage V across the
cell determines whether the emergent beam from the stage will
have the direction 7 (from fig. 1) or the direction 2. b) A simple
two-stage deflector. The deflection obtained with the first stage
can be doubled by the second if the refracting angle of the prism
in the second stage is twice that of the prism in the first.

Fig. 4. A six-stage deflector (schematic) for deflecting a laser beam in two directions. The’
calcite prisms (CP) and the electrodes (E) of the Kerr cells are contained in a glass trough

filled with nitrobenzene.

of the system; their refracting angles are the same as
those of the other three prisms. The square scan pattern
of 8 x8 locations provided by this six-stage deflector
can of course be extended in powers of two in the x-
and y-directions independently by adding stages.

In recent years a number of experimental deflectors
based on the principle of fig. 4 have been constructed.
Deflectors constructed and tested so far have had a
maximum of 20 stages; in the meantime it has been
found that 22-stage deflectors are also a technical
possibility. Fig. 5 is an illustration of one of our 20-
stage deflectors; more technical detail about this will
be given later.

A third dimension could be added to the movement of the
beam focus by complementing the x-y deflector with a third series
of stages, which contain birefringent lenses in place of birefringent
prisms (2], The optic axes of these lens elements would then have
to be parallel to those of the prisms or perpendicular to them.
The operation of the stages with the lenses allows the colli-
mated laser beam to be changed to a convergent or a divergent
beam. Just as before, 2¥ image locations in the direction of the
axis are obtained, provided that there are N of these focusing
stages.

31 W, Kulcke, T. J. Harris, K. Kosanke and E. Max, IBM
J. Res. Devel. 8, 64, 1964,

[41- T, J. Nelson, Digital light deflection, Bell Syst. tech. J. 43,
821-845, 1964. . .
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is not much greater than in a switch with a crystal.
When the various positive features listed above for the
deflection with liquid electro-optic modulators are set
against the characteristics of the solid-state deflectors,
the general conclusion would appear to be that the
liquid type is the more easily produced in practice.
(This conclusion might no longer be valid if other
requirements were set for the speed, resolution, etc.)
The experimental results obtained so far seem to con-
firm these views: operating versions of the solid-state
deflector with up to 14 stages have been described [5] [6],
whereas 22-stage liquid-type deflectors have been
made 7).

So far the discussion has been limited to the mod-
ulation of the direction of propagation of the collimated
beam. In most applications it is necessary to convert
the pattern of directions into a pattern of positions.
This can be done by placing a lens behind the deflector.
The beam will then be focused at the focal plane of the
lens. With a laser beam of zero (spatial) order
the intensity distribution at the picture element is
Gaussian. The full width of this distribution, taken
between l/e? intensity points, is equal to 44 fjaw, where
f is the focal length of the lens, A the wavelength
and w the diameter of the beam at its smallest cross-
section (the ‘waist’).

In the next section we shall look at a number of the
many technical problems encountered in the design of
a liquid-type deflector.

Technical design

The technical problems encountered in the construc-
tion of a digital deflector using single calcite crystals
and Kerr cells filled with nitrobenzene can be roughly
divided into two groups: those related to the properties
of the electro-optic liquid and those related to the
characteristics of the electronic circuits. There is also
the requirement for small mechanical tolerances in the
alignment of the prisms and the spacing of the elec-
trodes. This is necessary because of the need for
accurate location of the beam and for low cross-talk.
We shall look first at the requirements for close tol-
erances in the electrode spacing.

If the relative ‘cross-talk intensity’ is defined as
AlfI, then the following expression can be derived for
the permissible relative tolerance in the electrode sep-
aration:

Adjdy = /mm|{mm £+ arc cos (1 + Alllp)} —1. (2)

In this expression mz is the ‘prerotation’ of the plane
of polarization — this will be discussed later; m is an
integer. Table I gives a few numerical values for the
tolerance in the separation as a function of m.
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Table I. The maximum permissible deviation (Ad/d) from the
ideal spacing of the electrodes of a Kerr cell for cross-talk of 1%
(AlI/Io = 0.01) as a function of the prerotation of the polariza-
tion plane (mx90°) produced by a fixed voltage.

m + Adjde | — Adjdy
1 0.028 0.033

0.016 0.017
3 0.010 |~ 0.011

In the adjustment of the birefringent prisms, it is
found that the greatest accuracy is required in setting
the angular orientation about the axis of the system,
particularly for the prism with the largest splitting
angle. Considering the prism of the Nth stage we find
that the maximum permissible angular deviation 6 is
determined by the relation

6 < 0.2/2¥1, 3)

If the displacement in a row of beam positions is not
allowed to exceed 209 of an elementary deflection
angle, then this means that 0 in a 20-stage deflector
should not be greater than 1.5’

The magnitude of the voltage pulses necessary for
the operation of the Kerr cells — up to 8.5kV in a
20-stage deflector — necessitates a liquid of low con-
ductivity, and hence of the lowest possible impurity
content. If the resistivity of the liquid is lower than
about 5x 1010 Qcm, the current in each Kerr cell has
a value greater than 1 pA, and schlieren effects will
therefore arise. These completely upset the optical
homogeneity of the cell, which is the principal advan-
tage of the liquid cell over the solid-state type.

The necessity for high purity is in itself a difficult
requirement, and indeed we had to develop a special
procedure for purifying commercially available nitro-
benzene 8], But the problem is intensified on two other
counts: nitrobenzene of the desired conductivity is
first of all highly hygroscopic and secondly it is a very
good solvent — because of the high dipole moment of
the molecules. For these reasons the cells in our deflec-
tors are of glass, a chemically clean substance, which
will cause hardly any ‘doping’ of the nitrobenzene. In
addition the cells are hermetically sealed. The produc-
tion of the glass vessels necessitated the developmént
of a special . high-precision construction technique.
Fig. 6 shows such a cell, for a 10-stage deflector. In the
next subsection we shall look more closely at the prob-
lems of the electrical circuits. ;

51 G. Hepner, IEEE J. QE-8, 169, 1972.

81 P. Waterworth and D. C. J. Reid, Proc. First European
Electro-Optics Markets and Technology Conf., Geneva
1972, p. 248.

7] E. Schréder, Proc. Seminar Elektro-Optik, Munich 1972,
p. 144, .

(81 U. Kriiger, R. Pepperl and U. J. Schmidt, Proc. IEEE 61,
992, 1973. .
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Fig. 9. Schematic diagram for
the control of a Kerr cell with
high voltage, without bias volt-
age (see fig. 8). The switches §
must be capable of switching a
voltage of several kV with speeds

in the region of hundreds of kHz
(see fig. 10). .
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Fig. 10. Schematic diagram of the high-voltage supply for the
control of the Kerr cells. The series of transistors T'1-T'10 in the
upper half of the figure performs the functions of the switch S1 in
fig. 9, and the series T10-T1 in the lower half that of S2. The
resistors Rp ensure a uniform voltage distribution when a group
of transistors conducts, and the capacitors AC; when the group
does not conduct. Ui, Uz pulse transformers. Ta, T's transistors
for control of the two switches. Rv bias resistor to limit the
(dis)charge current. .
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In the design of the high-voltage supplies for the
Kerr cells of a deflector use is made of the fact that only
two voltage levels are necessary and that Kerr cells
form a capacitive load. Fig. 9 is a schematic diagram of
the solution, which is essentially simple. Switch S
serves for charging the Kerr cell, switch Sz for dis-
charging it. If the high voltage ¥ is not to be short-
circuited during the beam switching, the combination
of the two switches must operate so that one contact
opens before the other closes. Such switches can be
constructed in various ways. For the switching speeds
mentioned earlier (in the range of hundreds of kHz)
and for the switching voltages desired (up to 8.5kV) the
transistor circuits shown in fig. 10 have been adopted.
The transistors T1-Ti0, Which together form a single
switch, can each be put into the conducting state by a
pulse from the corresponding secondary winding of the
pulse transformer Uy or Us. The primary windings are
supplied with pulses from low-voltage digital transistor
circuits (T4 and T's).

The chain of resistors and capacitors ensures that the
distribution of the voltage across the transistors is
uniform and constant. The resistances are made small
enough for the current in them to be ten times as large
as the leakage current in the non-conducting group of
transistors. The capacitances AC are given values such
that the effective capacitance to earth is the same for
all the non-conducting transistors. This ensures that
the capacitive current that flows when the other switch
conducts produces the same voltage across all the
transistors. :

The switch (S1 or Ss, fig. 9) that should conduct at a
particular beam position starts to open again after each
supply pulse (from T's or T’s). The current ig that starts
to flow in the resistors will then tend to produce a volt-
age + Vg across the Kerr cell, instead of ¥g or 0. This
undesired effect can be prevented by making the
switch conduct sufficiently frequently; the intervals
between the supply pulses are therefore made small
in relation to CVg/iw, where C is the capacitance of
the cell.

This problem of the correct charge distribution has
further complications associated with it. In the arrange-
ment shown in fig. 4 there is appreciable capacitive
coupling between the adjacent Kerr cells. A change in
the voltage across one cell therefore affects the voltage
across the adjacent cells. To compensate for this effect,
the switches associated with these adjacent cells should ,
be conducting when there is such a change. For this
reason, and for the one mentioned earlier, the switches
S1 and S» are opened at intervals corresponding to the

91 U. J. Schmidt, E. Schroder and W. Thust, Appl. Optics 12,
460, 1973. . . e
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switching rate f of the laser beam. A further complica-
tion arises because the current for charging or dis-
charging the Kerr cell is considerably higher than the
current necessary to compensate for the capacitive
coupling. The base signal for the transistors T3 (fig. 10)
is correspondingly adjusted, to ensure that no charge
remains at the base after the transistors have stopped
the current. Otherwise the transistor chain would con-
tinue to conduct — on account of the lifetime of the
charge carriers at the base — while the other transistor
chain was already starting to conduct for the next
‘jump’ of the laser beam.

Aberrations and their compensation

In this section a number of effects will be considered
that would degrade the quality of the digital deflection
if no countermeasures were taken: the cross-talk be-
tween channels, the influence of the operating tempera-
ture and the dispersion.

Cross-talk between channels

In switching the beam to a desired position the state
of polarization should be purely linear and collinear
with or perpendicular to the optic axis of the prisms in
the deflector. These conditions will not be exactly satis-
fied in general. A number of effects have the result
that a certain percentage of the light is polarized in a
plane orthogonal to that of the signal beam. These
include an incorrect control voltage, or an incorrect
electrode spacing, field perturbations in the Kerr cells,
incorrect alignment of the prisms, off-axis directions
of the beam (apart from those in the ‘horizontal’ and
‘vertical’ plane) and inhomogeneities in the double
refraction of the prisms. Assuming for simplicity that
the degree of cross-talk is the same in each stage, we
can easily calculate the cross-talk in the beam leaving
the deflector. If the cross-talk arising in each stage is a
. fraction o of the original intensity of the beam, the
intensity Iyx of the signal beam leaving the Nth stage
is equal to Jo(1 — «)¥. We then find a power series in
o for the cross-talk. The linear term in « describes light
that is polarized orthogonally with respect to the
signal beam; if « < 1, ‘this term will be by far the
largest of the series. This allows the greater part of the
cross-talk to be suppressed, by passing the deflected
beam through a ‘dynamic polarization filter’ consisting
of an extra Kerr cell and a fixed linear polarizer [10],
This Kerr cell is so arranged that it always keeps the
signal beam polarized in a direction parallel to the
direction of transmission of the polarizer. In this way
the cross-talk light described by the odd terms of the
series is suppressed. The total transmitted cross-talk
Cp when this countermeasure is not applied is equal to
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Table II. The signal-to-background ratio (SBR) without and with
the polarization filter. :

SBR
Number Igg&gz Cross-talk

. ™0f stages ositions | PET stage Without With
p - filter filter

20 108 0.01 50 500

20 108 0.02 12.5 125

24 2x107 0.03 3.5 40

Iy— Iy
Co=—1—=1—(1-—oc)NNNa. (4a)
0

But if the polarization filter is used, there remains
cross-talk

Cr=1—(—&)¥— NI —a)¥1loq ~ 3 NN —1) o.
(4b)

These expressions provide the respective signal-to-
noise ratios directly:

Is  (1—o)¥

SBRO = _OE(; = Na ~ l/NO( (Sa)
and
I 1—a)N
SBRy = 1021 T1(— a)(N — ]\305 (1 —a)v-1
A 2[N2a2, (5b)

The numerical values in Table II show the marked
improvement when the polarization filter is used. This
improvement is particularly remarkable when the
cross-talk is less than 19 per stage.

The equations (4) and (5) are applicable when the
cross-talk is at the same level in both states of the
polarization switch. This is not always the case: for
deflectors with nitrobenzene it is found that the lower

Fig. 11. Changes in the deflection pattern with temperature are
mainly due to the temperature sensitivity of the nitrobenzene.
These effects on the pattern can be almost completely eliminated
by mounting the last calcite prism upside down. The angle ¢ is
the change produced by temperature in the direction of the axis
of the deflection pattern; ¢u angle between the upper deflection
direction and the axis of the system; ¢ the same, but for the
lower deflection direction. .
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state corresponds to an applied voltage of zero, with o
then zero. In most of the experimental deflectors that
we have made, however, a bias voltage is applied as
explained in the previous section. Then « is not equal to
zero and its magnitude corresponds to that in the
higher state.

Compensation of the influence of the operating tempera-
ture '

A deflector containing simple prisms, as shown in
fig. 4, has the undesirable characteristic that a change
in the operating temperature causes drift in the deflec-
tion pattern. This effect arises because in addition to
the row of birefringent prisms there is also an asso-
ciated row of prisms of nitrobenzene, whose refractive
index varies fairly strongly with the temperature. A
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If the last prism is ‘upside down’, this equation takes °
the form

Z yi=—y1

ne=1
The full equation reads:

1 dé @¥ =D {1dne 1dng dmu

_— = 7 ———— 7
(no—ne) 12 dT +2 dr 47y M

where 70 is the elementary splitting angle of the deflec-
tor, ne and ng are the refractive indices of the bi-
refringent material and ny is the refractive index of the
liquid surrounding the prisms. When calcite and nitro-
benzene are used, and if the maximum permissible shift
specified for a deflection pattern of 1024 x 1024 posi-
tions is set at no more than a tenth of the elementary
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Fig. 12. a) Movement of the digitial deflection Dattern with changing temperature in a 10- -stage
deflection system contammg right-angled prisms. ¢ is the angle between the directions in
question and the axis of the system. # upper beam position. / lower beam position. ax position
of the axis of the deflection pattern. The dashed lines refer to the case in which the last prism
is not upside down (see fig. 11), b)) The same graph on an enlarged scale. 7 is the elementary

splitting angle.

simple measure helps to reduce this effect very consid-
erably [111: instead of mounting all the prisms the
‘right way’ up, the last one is mounted ‘upside down’
(fig. 11). If we assume a linear relation between the
angles of the prisms and their refraction — an approx-
imation (of Snell’s law) that is valid for small angles —
the improvement obtained from this measure can be
calculated directly. The change in direction dd (per
degree of temperature change) of the axis of the pat-
terns of a system with no correction is proportional to
the refracting angles y; of the prisms (which form a
geometrical progression):

Zw

n=1

+ QN —1)y1. (6)

(10] J, J. Schinidt, Physics Letters 12, 205, 1964.
(11 U, J. Schmidt and W. Thust, Opto-electronics 2, 29, 1970.

splitting angle, a maximum permissible temperature
change of - 36 °C is obtained. If the last prism had
not been inverted the value would have been 4- 0.036 °C.

A more accurate approach shows that the permissible
temperature variation will not be as large as the one
Jjust quoted, on account of the change that occurs in the
refractive index of the prism material. This effect causes
a change in the splitting angle with temperature in each
prism. A detailed analysis shows that the sine function
in Snell’s law does have to be taken into account for the
small changes that still remain. Fig. 12 shows the
numerical results of computer calculations that take
these higher-order effects into account. It can be seen
from the graph that the permissible change in tempera-
ture under the condition mentioned above is now
=+ 4 °C, a value still representing an 1mprovement of
about 100 times.
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- Dispersion effects

So far it has been tacitly assumed that the deflected
beam is monochromatic. In some types of application
it could well be desirable to use two or three colours.
When light of more than one wavelength must be
deflected by the same deflector, dispersion effects will
affect the splitting angle of the individual deflector
stages and also the position of the deflection pattern
and the control voltage of the Kerr cell. The conse-
quences of these three dispersion effects can be cor-
rected for in a relatively simple way.

In the case where the deflector is controlled by a
computer, the differences in position between picture
elements associated with different colours can be
reduced to zero by giving each position on the screen
a corresponding address for each colour. If compensa-
tion to a fraction of the resolution angle is desired,
extra deflection stages will be necessary for the asso-
ciated small changes in position.

A second possible method would be to design an
objective lens that had a dispersion exactly equal to
_ that of the prism but of opposite sign. Calculations
have shown that such a lens can be designed without
too many complications [12],

The displacement of the axis of symmetry of the
system with wavelength, the second dispersion effect
mentioned above, can be almost completely com-
pensated by inverting the last prism, as in eliminating
the temperature sensitivity; the residual effect can be
neglected.

The third dispersion effect, the wavelength depend-
ence of the Kerr effect, can only be corrected by chang-
ing the control voltage when changing to another
wavelength. Electronic circuits that can do this have
been designed and constructed. Fig. I3 shows a
schematic circuit. The operation of the high-voltage
switches S; is in principle identical to that of the
switches used in producing the fundamental control
voltages, as described in the previous section.

Voa5

Fig. 13. For light beams of different wavelengths, the vo]tages
Vioa that make the plane of polarlzatlon rotate by 90° are also
different. They can be obtained with the circuit shown. The high-
voltage switches S are of the same type as those of fig. 10, and
S1.and Sz also have the same function. Vv,a bias for light of

type A. Light of type B requires another blas, which is obtained

by applying a correcting voltage AV via Sa.

U. J. SCHMIDT
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Refraction aberrations

A further aberration should be taken into account when either
the refracting angles of the birefringent prisms or the deflection
angles become so large that the sine function rather than its
argument should be used in Snell’s law. The effect of this kind of
aberration is an irregularity in the pattern of the deflection posi-
tions. A binary progression in the refracting angles of the bi-
refringent prisms of a deflector, for example, would introduce
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Fig. 14. a) If the refracting angle of the birefringent prisms or the
deflection angles become so large that the sine function in Snell’s
law can no longer be approximated by its argument, ‘pincushion’
distortion appears in the deflection pattern. The example shown
here is the deflection pattern of a Wollaston prism with an apex
angle of 103°: 4x 8 incident beams are doubled up to a field of
8X 8 beams. b) The improvement gained by using two isosceles
prisms w1th an apex angle of 128° (see fig. 15).

® ®

I .

Fig. 15. Two methods of combining birefrin; gent pnsms to reduce
dlstortlon in the deﬂectlon pattern.
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positional jumps between the corresponding subpatterns. A
simple method for eliminating this aberration is to adjust the
refracting angles of the prisms, going from those with the smallest
angles to those with the largest, to bring the adjacent lines of the
subpatterns concerned to distances corresponding to the desired
elementary distance. This will not of course correct the non-
linearity due to the varying angle of incidence, which causes not
only a change in the distance in the x- and y-direction between
adjacent subpatterns, but also in all intermediate directions,
which in turn introduces distortions of the ‘pincushion’ type
(fig. 14a). Compensation is not easy in this case, since there is no
broad spectrum of birefringent materials available that is com-
parable with the available range for isotropic optical materials.
The only type of correction available is the use of composite
prisms made from a number of elements, as shown in fig. 15 [13],
Fortunately this kind of correction is not found necessary in
systems that have resolutions corresponding to a maximum of
2048 x 2048 positions and for any applications as yet considered [7).
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splitting angles is of no great significance in most ap-
plications, since in general the beam is required to
make jumps over larger distances less often than jumps
over shorter distances. ) '

The beam switching times obtained with these cir-
cuits range from 250 ns at voltages of 2.5 kV to 900 ns
at 8.5kV. Fig. 16 shows oscillograms of the control-
voltage pulses. In this experiment a d.c. bias corre-
sponding to a prerotation of 90° for the plane of polar-
ization of the light beam is applied across the Kerr
cells. Owing to the square-law nature of Kerr’s law,
and the cos? function for the intensity changes in the
respective beam positions, the switching time of the
light beam is about 79, smaller than that of the volt-
age. :

Table III. Technical details of one of the experimental 20-stage deflectors.

Stage Prism angle () Aperture Electrode | Voltage (for A = 520.8 nm)
No. spacing
d stage h stage d(mm) | #(mm) (mm) Bias (kV) | Control (kV)
1 6’ 1.4 1.4 1.6 5.3 2.1
2 12/ 1.4 1.4 1.6 53 2.1
3 24’ 1.4 1.4 1.6 53 2.1
4 48’ 14 1.4 1.6 5.3 2.1
5 1°36’ 1.4 1.5 1.6 53 2.1
6 6’ 1.4 1.6 1.6 5.3 2.1
7 127 1.4 1.7 1.6 5.3 2.1
8 24’ 1.4 1.8 1.6 5.3 2.1
9 48’ 1.4 1.9 1.6 5:3 2.1
10 1°36* 1.5 2.0 1.6 5.3 2.1
11 1°36” 3.0 4.0 4.5 14 - 6.5
12 3°117 50” 3.0 4.1 4.5 14 6.5
13 6°227 20”7 3.0 4.2 4.5 14 6.5
14 1°36” 3.1 4.6 4.5 14 6.5
15 3°11/ 50~ 3.1 4.9 4.5 14 6.5
16 6°22’ 20" 3.3 5.3 4.5 14 6.5
17 12°35” 15”7 3.6 5.6 4.5 14 6.5
18 12°35 15”7 4.0 6.4 4.5 14 6.5
19* —25°117 307 4.7 7.0 6.0 20 8.8
20* —25°11’ 30” 5.5 8.6 6.0 20 8.8

* These two prisms are upside down to eliminate temperature effects.

Details and performance of a 20-stage deflector

In this section more details will be given of the 20-
stage deflectors that we have made and tested [14), and
which have been applied in the large-screen projection
system that will be described in the next section. All
the deflectors we have built (Table IIT) are designed for
half-overlapping beam positions and they operate with
electronic circuits like those shown in fig. 10. For con-
trol voltages up to 4.5 kV ten 2N3439 transistors are
used in each switch, and for voltages up to 9 kV ten
BU 205/208 transistors. The switching rates that can be
attained with these transistors vary from 500 kHz at
voltages less than 2.5 kV to 60 kHz at control voltages
of 8.5kV. The fact that the switching rates therefore
become smaller for the deflector stages with the larger

The deflectors are usually used with the bias giving
a prerotation of 90° in the polarization plane, as just
mentioned. To prevent the occurrence of schlieren
effects, we have kept the current below about 0.4 pA per
stage: this corresponds to a resistivity of 3 X 1010 Qcm.
As a rule this value was not found to deteriorate as a
function of the number of hours of operation. On the
contrary, the resistivity usually improves with time in
most cases. Measurements of the operation of the
dynamic polarization filters — described in the pre-

{12) G, Kuttner, internal report, Rodenstock Optische Werke,
*1973.

(131 J. J. Schmidt and W. Thust, Optik 32, 570, 1971.

(141 H. Meyer, D. Riekmann, K. P. Schmidt, U. J. Schmidt,
M. Rahlff, E. Schréder and W. Thust, Appl. Optics 11, 1732,
1972. " s ’
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square metre of the screen. (In this calculation it has
been assumed that there is a light loss of 509 in the
optical system.)

In the large-screen projector descrlbed here this
quantity is much smaller, at least for producing images
of graphs, because the equipment has random-access
addressability. No beam suppression is therefore re-
quired, as would be the case in a line-scanning system.
All the power that the laser can supply is used for the
presentation of data. Compared with a line-scanning
system there is an improvement equal to the ratio of
the total image area to the part of the image area con-
taining the information. This ratio can be as high as
50 for certain kinds of data. In general terms, 150 mW
of laser power will give an illuminance of 1500 lux on a
2 m? screen. This is sufficient to allow the image to be

observed in normal indoor illamination. Fig. 18 and _

fig. 19 are photographs of the experimental 20-stage
deflector. A close-up of the screen is shown in fig. 20.

The problem of granulation

A problem that arises in all imaging systems with
laser beams is that of granulatlon This effect is present
in all systems based on. coherent optical imaging and
containing scattermg centres. It has been analysed and
utilized extensively at many laboratories, including
our own [16], Jf no. spec1al ‘precautions are taken, an
observer looking at an image formed by laser hght
will notice that each picture-element is composed of an
irregular pattern of bright dots, separated by regions of
zero intensity. The effect is due to interference between
the elementary waves that are emitted by the scattering
centres with a statistical spatial distribution, but coher-
ent in time. Each movement of the observer’s eye, or
of the scréen, which produces scattering, makes the
pattern change. ‘

Quite apart from the fact that the granulation is very
annoying for the observer, it also degrades the effective
resolution of imaging, since the ‘median value’ r of
the dark regions increases with the distance of observa-
tion in accordance with the equation

r = Li[p, ®

where L is the distance between observer and screen, p
the diameter of the pupil of the eye and 4 the wavelength
of the light. Above a particular distance the value of »
exceeds the diameter of the picture element, which
means that the element concerned is completely missing.
Many attempts have been made to eliminate the
granulation effect. This is a relatively easy matter for
static images. Small movements of-a suitably located
scatteret, or of the actual scatterer that causes the
granulation, will generally make the granulatlon dis-
appear. This is because such movements cause a large
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number of statistically independent granulation pat-
terns to move across one another, which ‘averages out’
the brighter and darker regions.

The theory indicates that the mean relative fluctua-
tion in intensity (((I — {I))2))* is related to the number
of granulation patterns # by the equation [16]

3((1 — <I>)2>§* "
" =pT,
I

To give a pleasing laser image, about 100 patterns
should be superimposed. This relatively large number
is a particular problem with dynamic images, where
the laser beam only remains in any position for a few
microseconds, which means that the rate of change of
the granulation patterns should be about 100 MHz.

In monochrome systems it is sufficient to coat the
screen with a phosphor layer, so that the time coherence
is destroyed by the conversion of the light [17), This
method is satisfactory up to the level at which the
phosphor saturates. Often, however, the mono-
chromaticity of the light is degraded to an extent that
is undesirable for good reproduction.

A method for suppressing the granulation effect,
which we have developed and applied at our labora-
tories, is to give a relative motion to two scatterers
spaced by only a few microns (161, This could be done
by applying two scatterers to the bearing surfaces of a
push-pull spiral-groove bearing [13]'._ Movement of the
scattering centres over a correlation length gives a new
granulation pattern. The two scatterers in our arrange-
ment are located at an intermediate image plane (the
common focal plane of the lenses f3 and f3 in
fig. 17), so that a scattering area of only a few cm? is
required. Since in practice the correlation lengths at
this plane are only a fraction of a micron, velocities of
about 10 m/s will be sufficient for dwell times of the
order of 2 ps for the beam.

Finally, there is a third method that should be men-
tioned, in which no mechanical movement is required;
see fig. 21. A scatterer, located at the plane St of the
primary — almost microscopic — image, magnifies the
angular aperture of the laser beam of spatial order zero
such that it fills the aperture of the projection objective
Os. The wavefront of the beam at this 'objective is
again that of a granulation pattern. Changing the
phases of the individual granulation waves would

(€)

- change the granulation pattern of the imaging ray that

arrives at the projection screen. This is done by placing
an ultrasonic cell T" at the objective Oz and exciting the
medium in the cell at a frequency whose wavelength
corresponds approximately to the mean diameter of the
granulatlon at the location of the ultrasonic wave. At a
frequency of 500 kHz, for example a complete cyclic
process through a large number of granulation patterns
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Fig. 22. Two different configurations for a
deflector stage: alternating (@) and sequen-
tial (b). Configuration (@) gives the lowest
control voltage, configuration (b) gives the
smallest energy consumption.

a beam of this diameter (d = du), then the defiector devices for
each successive stage must be larger. From fig. 22a we find for
the width dy and the height Ay of stage N:

dy = d + 2V 2D) Bi/d, (10a)

hy = d + 2¥ 31) pA/d. _ (10b)
The quantity § is related to the elementary splitting angle 7o by
B = nod/A ; lis the length of a stage. For the second equation it
is also assumed that 2% > N.If the electrodes are oriénted as in
the diagram and if we assume that the length Iy of the prism in
each stage is small with respect to the electrode length /, we find
that the voltages for the deflectors are independent of the length
of a stage, and hence of the length of the deflector, while the
power required increases with the electrode length.

The deflector can now be optimized with the aid of these equa-
tions, for example with respect to the parameters already men-
tioned: the control power or the control voltage. In the case of
control power, a distinction can once again be made between the
optimization of the complete deflector or of a particular stage.
We shall consider the optimization of a stage, the simpler case,
since optimization of the complete deflector requires a knowledge
of the method of use, e.g. as to whether the stages all operate at
the same frequency.

Making use of equations (10) and Kerr’s law (1), and also of
the expression for the energy E stored in a capacitor:

E=1%CV? (11)

we find that the energy Px used in stage N is given by the relation

) Py = % eeodyhnfiB, 12)

where ¢gep is the dielectric constant and f the switching rate of

the laser beam. Differentiating this equation with respect to d

gives expressions relating to a minimum of energy consumption
by the last stage of the deflector:

dy = 2.84 (Rﬁll)b~5, (13a)
hy = 3.48 (RPAIOS, (13b)
Py,min = 4.?5.680 RBAIfI28. (13c)
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The control voltage of this stage is given by

‘ Vy = 2.84 (RBA[2B)0-5, 14
Similarly, the geometry at optimum voltage can be characterized
by the equations:

dy = 2.82 (2N BANO-S,
hy = 3.53 (28 BAI)OS,

Vi ,min = 2.82 (RBA/2B)0S, (15)
Py = 5 (ce0/2B) RBAS. (16)

An identical procedure can be performed for the stage with the
configuration of fig. 22b.

If we compare the separate expressions for the voltage and the
energy consumption, we find that the configuration of fig. 22b
is most suitable for minimum power and that the configuration
of fig. 22a requires the lowest control voltage.

Summary. A useful method for deflecting a laser beam through a
fixed angle has been developed at Philips Forschungslabora-
torium Hamburg. The method uses a combination of a bi-
refringent calcite prism and a Kerr cell filled with nitrobenzene.
The beam follows the direction of the ordinary or the extraor-
dinary ray, depending on the presence of voltage at the Kerr cell;
this voltage has a value such that it changes the polarization plane
of the beam by 90°. An experimental imaging system has been
made with deflectors consisting of 20 deflector stages of this
type — the largest that has been made contains 22 stages. This
system gives an image of several m?, consisting of 1024 X 1024
(i.e. 220) picture elements, with no granulation. The system is
controlled by a computer. The Kerr cells used permit switching
rates up to 500 kHz. The beam need not scan the screen line by
line, but can jump directly to any other picture element. No laser
light is then lost and the image can be viewed in a normally lighted
room. One of the prototypes of such a system is already in use
elsewhere in Germany. Other applications for the deflectors exist,
e.g. in magneto-optic memories.
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Intermetallic compounds;

background and results of twenty years of research

J. H. N. van Vucht

The rich variety presented by the elements of the periodic system suggests a countless
number of ways of finding new materials with new properties. This article reports on just
such an exploration in the domain of the metals.

The motivations that prompted this investigation varied from a direct requirement from
the manufacturer to a vague and intuitive feeling on the part of the investigator that a
particular subject was going to become important to science and technology. Sometimes,
an investigation that seemed to be petering out came suddenly to life again years later
with the discovery of new sustenance.

Such a course of events is probably characteristic of all research: although it may
appear to be rather random and unplanned, it does in fact have direction and purpose. In
this particular sector the end results have included an increase in the (BH )max of
magnetic materials to a value of 164 kJ[m3 (20.2X 108 gauss oersted) — for a time the
highest value attained anywhere— a breakthrough in the development of shape memories,
and the discovery of a material, LaNis, whose astonishing capacity for storing hydrogen

opens the way to a number of interesting potential applications.

Introduction

The search for substances with new properties

Anyone seeking to make new materials — in our
case metallic materials — that have interesting new or
greatly improved properties, will do well to refiect
beforehand on the origin of these properties, both
physical and chemical. He will then find it necessary
to distinguish between intrinsic and extrinsic proper-
ties: the intrinsic properties are those attributable only
to the nature of the atoms and their interrelationships
(interaction, lattice structure), the extrinsic properties
are those imposed on the material, deliberately or not,
by deviations from the ideal structure.

Changes in both the intrinsic and extrinsic properties
of a material can be brought about by physical and
chemical methods. We shall assume that physical
treatments .such as deformations and quenching and
their effects on material properties are sufficiently well
known; we should like to take a closer look at the
chemical methods here.

The chemical methods consist in bringing other
elements into play. The resultant changes cannot always
readily be distinguished as intrinsic or extrinsic, for
when a second element is introduced there is the
possibility of more than one phase being stable, which

Dr J. H. N. van Vucht is with Philips Research Laboratories,
Eindhoven.

necessarily leads to phase boundaries. The extent,
number and nature of such phase boundaries are open
to variation, which leads to changes in extrinsic proper-
ties. If we ignore these possible secondary influences of
the chemical method, in short if we look only at the
purely intrinsic changes, we can then distinguish be-
tween three possibilities. This will be explained in
more detail for systems consisting of two components [1],

In the first possibility, which is illustrated by the
phase diagram in fig. la, it is energetically more
advantageous for atoms A and B to keep away from
each other and for each atom to surround itself with
kindred atoms. At the temperatures where only the
solid aggregation state is stable, and outside the regions
in which A and B are mutually soluble — which may be
extremely small — we always find a mixture of two
phases that are in equilibrium (coexistence) with each
other. The intrinsic properties can be thought of as
arising from the superimposition of the intrinsic prop-
erties of each of the components.

A second possibility is illustrated by the phase dia-
gram in fig. 15, which relates to metals A and B whose
chemical affinity for each other differs very little from
their affinity for their own kind. Both elements have
the same crystal lattice and each kind of atom occupies
as many lattice points, in a random distribution, as
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corresponds to its composition percentage (mixed
crystal). In this case the intrinsic properties change
gradually from those of pure A to those of pure B. This
need not happen monotonically and may be associated
with a maximum or a minimum.

INTERMETALLIC COMPOUNDS
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temperatures from a disordered to an ordered structure
can have electrical, magnetic or mechanical conse-
quences. ’

If we take two metals A and B that have a strong
mutual preference as our starting elements, they will in
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Fig. 1. ) Schematic phase diagram of a binary system whose atoms show a marked preference
for their own kind. An example is the system Ag-Cu. / liquid, s1 an A-rich solid phase and sz
a B-rich solid phase. In the region s1 + s2 a mixture is stable that consists of two kinds of
crystals, e.g. nearly pure Ag and nearly pure Cu crystals. ) Schematic phase diagram of a
binary system whose atoms show no preference for being surrounded by atoms of their own
kind and may equally be surrounded by atoms of a different kind, e.g. Ag and Au. In the
region s all the crystals have the same lattice in which, depending on the composition, more or
fewer A and B atoms are distributed in a disordered way among the lattice sites. ¢) Schematic
phase diagram of a binary system whose atoms show a slight preference for being surrounded
by atoms of the other kind, e.g. Cu and Au. At low temperatures new lattices are formed
(s1, s2 and s3) which roughly resemble those of the pure components but possess a different
periodicity. At high temperatures the weak energetic preference for being surrounded by
atoms of a different kind is overcome by the effect of entropy. d) Phase diagram of the system
La-Al 2], as an example of a system that is rich in intermetallic compounds, with new physical
and chemical properties, because of a marked preference for being surrounded by atoms of
the other kind. This diagram demonstrates the very different behaviour of the various com-
pounds on a change in temperature: the highest melting point is that of LaAlz; at a tempera-
ture increase LaAl decomposes into ariother solid and the liquid, and at a fall in the tempera-
ture Lag.ssAlz.12 decomposes into two other solids.

The third possibility is explained in fig. 1c and d.

If the constituent atoms A and B show a slight pref-
erence for the neighbourhood of the other kind, a
completely disordered mixture will occur at high tem-
peratures, but at low temperatures a certain ordering
will take place. A new phase then arises with a new
lattice (although closely related to that of A and B) and
with new properties. A transition of this kind at low

general show a strong inclination to form entirely new
types of lattice with varied configurations of A and B
atoms, depending on their mixing ratio. Thus, in the
La-Al system, whose phase diagram is given in fig. 14,

(11 A detailed treatment of phase diagrams is given in J. L.
Meijering, Philips tech. Rev. 26, 12 and 52, 1965.

2] K.H.J. Buschow and J. H. N. van Vucht, Philips Res. Repts.
22, 233, 1967.
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six intermetallic compounds are formed with lattices
that differ from each other and from those of the start-
ing elements. All have their own intrinsic properties.

It will be clear from the foregoing that the investi-
gator looking for new properties will prefer to look for
such new lattices, because there is a greater probability
of finding sharp changes in properties. A new lattice of
* this kind may form the starting point for further op-
timization that can lead to the desired property. This
optimization can be carried out chemically, e.g. by
making suitable mixed crystals, or physically, e.g. by
introducing the appropriate lattice defects.

In this article we shall take examples from widely
different fields — getters, superconductors, permanent
magnets, shape memories and hydrogen storage
devices — to illustrate how in a number of cases the
adoption of the strategy described here has led to in-
teresting and even spectacular scientific and technical
results.

Other research tools

Work has been done at Philips Research Labora-
tories for a number of years on a wide variety of
metallic systems, with a variety of suitably adapted
methods. The preparatory methods are all designed to
minimize the incorporation of foreign elements in
starting materials of the highest possible purity.
Thermal analysis is used to obtain a knowledge of the
exact details of the phase diagrams. X-ray analysis is
also used, where necessary at temperatures ranging
from 5K to 2000 K. At a somewhat more advanced
stage X-ray analysis is employed to determine the
precise atomic structure of the compounds (3],

Measuring the properties of the compounds obtained
involves the use of a great diversity of techniques. In
the early stages of searching in a wide area it is desirable
to obtain a quick impression; intensive and accurate
measurements will only be carried out if real promise
appears.

We have been able to carry out these measurements
in a wide temperature range and also, in recent years,
in a large range of pressures 4. We can for example
measure magnetic properties and electrical conductivity
at temperatures up to 2000 K and at pressures up to
105 bars, though it must be admitted that not all com-
binations of these measurement conditions are yet
possible.

About twenty years ago research on intermetallic

compounds was mainly directed towards materials that
could be used as getters in small thermionic valves. We
shall deal with this work first because of the many
connections between it and the subjects of later inves-
tigations. ' ' ’
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Getters

In thermionic valves a getter is generally introduced
for the purpose of chemically binding the gases released
after the evacuated valve has been sealed off. The getter
metal most commonly used is barium, which is vapor-
ized by heating it in the sealed-off valve, so that it
condenses in the form of a thin metallic film on the
valve wall. In this state the barium is highly active and
absorbs the residual gases, notably hydrogen, oxygen,
nitrogen, water vapour and carbon dioxide and to a
lesser extent hydrocarbons and carbon monoxide.

This type of getter could not however be used in the
miniature valves made for hearing aids, because the
metal film causes short circuits and unwanted ca-
pacitances.

In 1945 a non-evaporating getter became available
that was found to be ideally suited for binding the
principal residual gases, hydrogen and oxygen, in these
miniature valves. This getter was made by sintering
thorium powder together with a powder of an alu-
minium alloy and ‘Cer-Misch-Metall’ (an alloy of rare-
earth metals with cerium as the main constituent). The
getter, in the form of a fine powder, is sintered to a
component of the valve and is readily activated by
heating it, e.g. electrically, after the valve has been
sealed off.

In an endeavour to explain the operation of this get-
ter we made an extensive study of the ternary system
thorium-cerium-aluminium. We found that the getter
is an intermetallic compound with the crystal lattice of
ThsAl (fig. 2), in which the cerium atoms are randomly
distributed over the thorium sites. It was found that
there are interstices between the thorium atoms into
which hydrogen atoms easily fit. The pure metal
thorium also contains such interstices, and this metal
can likewise be used for binding hydrogen, but ThaoAl
is more suitable for two reasons. Firstly, hydrogen dif-
fuses much faster in the TheAl lattice than in the Th

hydrogen atoms prefer to occupy the tetrahedra formed by the
Th atoms, two of which are shown’in the figure. ’
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lattice, partly because the hydride lattice of ThaAl that
is formed contains more vacancies than that of thorium.
Secondly, it is easier to make a large reactive surface
from ThaAl because, unlike thorium, it is very brittle.

What exactly is the function of the cerium? Unlike
hydrogen, oxygen will only diffuse reasonably quickly
into a metal lattice like that of ThoAl at a very high
temperature, The first reaction with oxygen to occur at
the outer surface leads to the formation of an oxide
layer, which has a sealing effect for pure TheAl, and
rules out the possibility of any further reaction with
oxygen, or even with hydrogen. Cerium ensures that
the oxide coating on the getter remains permeable, so
that the rate of reaction with oxygen and hydrogen
remains high. °

This is presumably a consequence of the fact that the
element cerium can be either trivalent or tetravalent.
When cerium is oxidized, CesOs forms first and then
CeOs. The Ce20j3 lattice may be regarded as a some-
what more rarefied CeOy lattice containing an ordered
arrangement of oxygen vacancies. The presence of these
vacancies allows oxygen to diffuse rapidly through the
Ce203 layer formed on oxidation on the metal side.
The CeOq layer formed at the oxygen side of the CesO3
is much less bulky than the Ce203 and therefore does
not form a complete seal.

We therefore see that there is a sudden marked im-
provement in intrinsic getter properties when the
thorium lattice is converted into the lattice of ThoAl,
and that a further modification of that lattice by dis-
solving cerium atoms in it gives a further improvement
— an optimum result is achieved by substituting
cerium atoms for about one in every eight thorium
atoms.

Superconductors

The property known as superconductivity, in which
the electrical resistance drops to zero at very low tem-
peratures, is found in many metals, intermetallic com-
pounds and alloys. For the elements, the critical tem-
perature Tc (transition temperature), the maximum
temperature at which superconductivity occurs, is
highest in niobium: 9 K. It would be useful to have
superconductors with a transition temperature of at
least 20 K, since it would then be possible in principle
to use liquid hydrogen for cooling instead of liquid
helium.

It has been found that the value of the transition
temperature depends on the average concentration of
the valence electrons. If tetravalent zirconium atoms
are substituted for pentavalent niobium atoms in the

niobium lattice, the result is to increase the concen-
tration of the valence electrons, and the transition tem-
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Fig. 3. The transition temperature Tk, i.e. the highest temperature
at which superconductivity occurs, as a function of the average
number of valence electrons » injthe Lalns-zSn. lattice (61,

perature can be raised from 9.2K to 10.8 K. In a
similar way the substitution of tetravalent tin atoms
for trivalent indium atoms at arbitrary sites in the
Lalnz lattice, bringing the concentration of valence
electrons to more than 3.5 electrons per atom, results
in a marked increase in :the transition teinpg}atﬁfe
(fig. 3).

A marked improvement to 18 K was achieved with
the intermetallic compound NbgSn, which has a
characteristically different lattice (fig. 4). A charac-
teristic feature of the configuration is that the rows of
Nb atoms are perpendicular to each other, and at a
109, smaller spacing than in pure niobium. The reduc-
tion of the distance between the niobium atoms is
evidently made possible by the stabilizing effect of the
Sn atoms, which are situated in the interstices formed
by the network of rows. The value of the transition
temperature does not appear to depend primarily
on the nature of the stabilizing atoms. A lattice of
this type, with a composition Nbs(Ale.75Geo.25) for
example, has a transition temperature of slightly more
than 20 K [7],

A complication, however, is the fact that it is not
always easy to prepare such a lattice with the correct

[31 See P. B. Braun and A. J. van Bommel, Philips tech. Rev.’
22, 126, 1960/61.

1 The method used will be the subject of a forthcoming artlcle
in this journal.

51 J. H. N. van Vucht, Interaction of TheAl and related getters
with hydrogen, thesis, Eindhoven 1963.

61 E. E. Havmga and M. H. van Maaren, Physics Repts 10C,
107, 1974, in particular fig. 28. .

[ G. Arrhenius, E. Corenzwit, R. Fitzgerald, G W. Hull, Jr,

. H.L.Luo, B. T. Matthias andW H. Zachariasen, Proc. Nat.

Acad. Sci. U.S.A. 61, 621, 1968.
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stoichiometric composition and with the desired degree
of order, so that the result obtained is not the optimum.
Recently, however, this has been achieved in the prep-
aration of NbsGe, and this has brought the critical
temperature to the previously unequalled value of
232 K (8],

It should be noted in passing that the information we
obtained in that study about the phase diagram of the
Nb-Sn system enabled us to understand why it was
never possible to make NbsSn from the elements at
temperatures below 950 °C, even after protracted heat-
ing 1%, The explanation lies in the formation of the
compounds NbgSns and NbSns, which result in layers
that form a seal. Above 930 °C these compounds are
not stable. With the knowledge thus obtained we suc-
ceeded in devising a process in which Nb3sSn can be
formed fast enough to produce superconducting coils.

Permanent magnets

We have already described how our research on get-
ters led to a better understanding of the rare-earth
metals, and of cerium in particular. These rare-earth
metals attract attention much more for their magnetic
than for their gettering properties.

In the series of rare-earth metals arranged in order of
atomic number, also known as the lanthanide series,
the electron shells are not filled in the outer shell but in
the deeper 4f shell; this has the result that all these
elements are trivalent. Since in filling the 4f shell in the
order mentioned electrons with a parallel spin are
added first and only afterwards electrons of opposite
spin, the spin S per atom first increases and then drops
to zero. The coupling of the orbital momentum L takes
place in the first half of the series by the subtraction
L — S, in the second half by the addition L 4 S. The
resulting magnetic moments are shown in fig. 5.

Quite apart from these effects there is a reduction in
_the atomic radius, called the lanthanide contraction,
which is caused by the increase in the nuclear charge.
This means that we have here a series of chemically
almost identical elements that differ in atomic radius
and in magnetic behaviour.

The 4f shell that ‘carries the magnetism’ is usually
unaffected during the formation of compounds, and
this makes it interesting to study the magnetic inter-
action of the rare-earth atoms with non-magnetic atoms
in the same lattice and also with magnetic atoms of
other elements, such as iron, cobalt, manganese or
nickel. In the case of the system Sm-Co the combina-
tion of magnetic atoms of different kinds in one lattice
led to a breakthrough in permanent-magnet technology.

Material for permanent magnets should have a high
saturation magnetization and a high crystal anisotropy.

J. H. N. VAN VUCHT

Philips tech. Rev. 36, NoA. 5

The saturation magnetization is not particularly high
in the system Sm-Co; cobalt has a relatively l_ar‘gé
magnetic moment per atom, but that of samarium is
relatively small owing to the subtraction of spin and
orbital momentum (fig. 5). However, the hexagonal
lattice of SmCos in particular does have a very high
crystal anisotropy ( fig. 6), which gives this material its
special value.

This journal has already reported on the race to
achieve ever higher values of (BH)max, which cul-
minated in a value of 164 kJ/m3 (20.2 x 106 gauss
oersted) for SmCos sintered in a special way [10],

Fig. 4. Diagram of the crystal lattice of NbsSn, in which three
rows of Nb atoms at right angles to one another are connected
by lines. In this material the distance between the Nb atoms is
109 shorter than in the pure niobium lattice, which has a favour-
able effect on the height of the transition temperature (18 K in
NbsSn as against 9.2 K in pure niobium).
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immediately after the first displacement by 1/3 of the
diagonal. Thus, in the cubic close-packed structure the
stacking order is ABCABC ..., and in the hexagonal
structure the order is ABAB. .. .

For our purposes a different notation is useful. In
the hexagonal close-packed structure each layer lies
symmetrically between its two neighbouring layers,
whereas in the cubic case its situation is asymmetrical.
In our notation, / (for ‘hexagonal’) denotes each layer
that lies symmetrically between its neighbouring layers
and ¢ (for ‘cubic’) denotes each layer in an asymmet-
rical position. With this notation the transition from
cubic close packing (cc...) to hexagonal close pack-
ing (hh...) that takes place in the lanthanide series
can be symbolically expressed by cc . . . , hechcheche . .,
hehe . . ., hhchhe . . . and hh (fig. 8).

Why does the material show a growing preference
for a more hexagonal polytype as the atomic radius
increases (and the atomic number decreases)? In all
layers the large minority atoms R are surrounded by
six smaller Al atoms ( fig. 9). In the hexagonal packing
the atoms located at identical positions are separated
from each other by only one layer (compared with two
layers in the cubic case). As the R atoms increase in
size, the small Al atoms can more easily make room
for them in the interstices. In the hexagonal packing
the dispersal of the small atoms makes room for the
large atoms in both neighbouring layers, leading to a
closer packing. In the cubic case the advantage of such
dispersal for the large atoms in the one neighbouring
layer turns into a disadvantage for the large atoms in
the other. The larger the R atoms the greater the gain
in free energy of the closer packing thus achieved, and
hence the increasing preference for the more hexagonal
polytype.

Research on alkaline-earth-lead compounds and
other materials [14] has shown that this is a general rule
in crystal lattices with AB3 compounds built up on the
close-packed principle. In these compounds it is of
course also necessary to take into account the effect of
the electron concentration as well as that of the
geometrical factors. - o

The kriowledge thus obtained 15 enabled us to pre-
dict that the crystal structure of Bas(Pbis,Tls) would
show ‘the stacking characteristic' of a 5/7 hexagonal
structure, i.e. the stacking hhchhhc ( fig. ]0).‘This pre-
diction was confirmed by X-ray analysis of powders [16],

(131 A more detailed desCription is given in J. H. N. van Vucht
and K. H. J. Busciow, J. less-common Met. 10, 98, 1965.

(141 J, H. N. van Vucht, J. less-common Met. 11, 308, 1966.

[15] E. E. Havinga, J. H. N. van Vucht and K. H. J. Buschow,
Philifs:Res:Repts. 24, 407, 1969.

(18] E. E. Hivinga and J. H. N. van Vucht, Acta cryst. B 26, 653,
1970.
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Fig. 7. Vertical cross-section (upper left) and two horizontal
cross-sections (lower left) of the hexagonal unit cell of a close-
packed ABs compound. The corresponding cubic stacking is
illustrated on the right (only in vertical cross-section). In the
stacking of the layers each atom is always displaced by 1/3 of
the diagonal. The cubic stacking arises from successive displace-
ments in the same direction, so that the original position is
resumed in the third neighbouring layer. In the hexagonal case
a zigzag progress is followed, and after one displacement through
1/3 of the diagonal the original position is resumed again. The
notation often used for the cubic stacking is ABCABC...,
and for the hexagonal stacking ABAB . .. In the hexagonal case
each layer is symmetrical with respect to the neighbouring layers;
in the cubic case it is asymmetrical. Calling the symmetrial posi-
tion /r and the asymmetric position ¢, the hexagonal stacking can
be denoted by: Ai..., and the cubic by cc... The value of
this notation is clear from fig. 8.
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Fig. 8. Schematic representation of polytypes occurring in tri-
aluminides of rare-earth metals (181,

hcche c

Fig. 9. A layer of a close-packed lattice of an RAls compound,
with R atoms that are large compared with the Al atoms. At the
position X in the hexagonal case both R atoms of the identical
neighbouring layers above and below can use the space left
vacant by the displacement of the Al atoms. In the cubic case this
only applies for the R atom of one of the layers; the R atom of
the other layer is then located exactly at L, where the Al atoms
have been crowded together by the dispersal around XK. This
prevents the formation of an optimum close-packed structure.
The larger the R atoms are compared with the Al atoms the
greater the tendency towards the formation of a hexagonal close-
packed structure. : i
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In fig. 135 it can be seen that when the temperature is
raised the name Philips re-emerges; one indication of
how accurately the original shape is recovered is that
the dots in fig. 13a appear exactly above the i’s.

In its closest-packed structure NiTi at room tem-
perature is very ductile, and above the transition tem-
perature of 60 °C it is hard, brittle and difficult to
deform. Deformations applied at room temperature
disappear, as we have shown, spontaneously and
immediately when the temperature is raised above the

transition temperature, and after cooling the metal

returns exactly to the shape it had before the deforma-
tion: it has ‘remembered’ its former shape.

This spectacular property has found small-scale
application in NiTi clamping rings, and many patents
have been taken out for other applications varying
from self-deploying satellite antennas to an application
as a deformable wheel, capable of supplying energy
from a fairly small temperature difference between two
heat reservoirs.

Explanation of the:shape-memory effect

Let us now try to picture the atomic events taking
place during the structural transition. This can best be
done by starting from the situation above the transition
temperature (the CsCl lattice). The atoms of each layer
lie on the ‘saddle points’ of the next neighbouring layer
(fig. 12). When the temperature is lowered the structure
changes to the most closely packed stacking (hexag-
onal, cubic or an intermediate form). When this hap-
pens the rows inside a Jayer move in such a way that
the diabolo-shaped interstices change into triangular
interstices. There is also a change in the relative posi-
tion of the layers as a whole: the atoms of the one
neighbouring layer then no longer lie on the saddle
points of the other, as they did in fig. 12 (position P),
but at the interstices (position Q).

At the transition temperature the two positions are
thermodynamically equally stable: no activation free
energy is necessary for changing from the one position
to the other. At a somewhat lower temperature (when
position Q is thermodynamically only very slightly
more advantageous than position P) a force exerted on
the lattice to deform it can very easily cause a relative
displacement of the illustrated atomic planes. The
atoms then jump from one interstitial position Q’
(equivalent to Q) via a P position to the interstitial
position Q.

In the case of chemically symmetrical triangular
interstices the process may repeat itself from the new

vinterstice via the two possible saddle positions that now
become available in the direction of the strain. This
explains the familiar fact that at the temperature of the
transition from the W lattice to the cubic or hexagonal
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Fig. 14. Nomogram of a number of mixed systems of AB com-
pounds that show the close-packed structure at room tempera-
ture (left) and AB compounds that have the CsCl structure at the
same temperature. Compounds of the first type are ductile under
these conditions, those of the second type are difficult to deform.
Mixing on an atomic scale causes an abnormally high ductility in
the concentration region (thick black lines), and this ductility is
associated with the occurrence of a shape-memory effect. The
explanation lies in the fact that the temperature at which a
transition tends to take place from one type of stacking to the
other (in some cases this lies below absolute zero) is shifted to
the region just above room temperature on mixing.

close-packed structure pure metals like iron or zir-
conium are very easily deformable.

These pure metals, however, do not give a memory
effect. For this to be possible it is at least necessary that
the atoms of a layer are able to ‘feel’ where they have
come from after a displacement. If the layers are built
up from asymmetrical interstices, this requirement is
met. In AB compounds like NiTi (fig. 12) the atoms of
one kind are found in rows that are in turn surrounded
by rows of the other kind inside and outside the plane.
If, before the deformation (at room temperature),
atoms of the one kind are situated at position Q' and
after the deformation at position Q, then during the
deformation they are displaced across the saddle points
in the rows of the other atoms. On a further displace-
ment the atoms have to be moved across saddle points
of a different kind, which have a higher activation free
energy since they are also formed by an atom of their
own kind. We therefore assume that for each shearing
plane the deformation remains confined to this one
‘saddle jump’. (Macroscopically the NiTi object may
still have undergone a considerable change of shape.)
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The original high-temperature position on the saddle
point can clearly be distinguished from the two other
possibilities; when the temperature is raised to above
the transition point the atoms again return to this
saddle point.

This picture of the atomic events taking place during
such a transition made it clear that this property could
not be unique to NiTi, and in 1970 it led us to the
discovery of 23 previously unknown alloys with this
shape-memory effect (fig. 14). We were even able to
demonstrate that the copper-tin system, which has
been studied since ancient times, also has a shape-
memory effect in the composition CusgSn. We do not
know, however, whether this effect has ever been
observed previously.

Storage of hydrogen

We have already dealt with the gettering properties
of some of the intermetallic compounds of rare-earth
metals, and have discussed the suitability of SmCos as
a material for permanent magnets. Reseach into these
intermetallic compounds has yielded yet another sur-
prising result.

Under the influence of the atmosphere, the coercive
force of SmCos and hence its (BH)max decrease
noticeably. Investigation of this effect showed that it
was associated with the hydrogen atoms, and the fol-
lowing new and highly important properties of SmCos
were discovered [17). Firstly, the material, unlike an
ordinary getter, very readily reacts with molecular hy-
drogen, even at room temperature; secondly, it releases
the hydrogen again very easily; and thirdly, both the
take-up and release of hydrogen take place in consid-
erable quantities. In fact, SmCos is a ‘getter’ with a
high equilibrium pressure, somewhat higher than
1 bar.

For hydrogen taken up under high pressure to be
released again it is therefore sufficient to lower the pres-
sure to atmospheric pressure. With an ordinary getter
the object is the permanent ‘removal’ of the hydrogen;
any release of hydrogen is only permissible under

rather drastic conditions. This newly discovered pro- -

perty, however, allows the hydrogen to be easily
stored temporarily.

The next step was to determine how other com-
pounds whose crystal structure is isomorphous with
that of SmCos would behave as a hydrogen-storage
medium, It was found that the most suitable compound
in this respect is LaNis (18],

(171 H. Zijlstra and F. F. Westendorp, Solid State Comm. 7, 857,
1969. |

(18] J, H. N. van Vucht, F. A. Kuijpers and H. A. C. M. Bruning,
Philips Res. Repts. 25, 133, 1970.
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The thermodynamic properties of the system
LaNis-Hgz are indicated in fig. 15. At room temperature
and a pressure of about 2.5 bars hydrogen can be
absorbed until the composition LaNisHg.7 is reached.
This reaction is reversible, which means that if the hy-
drogen pressure is allowed to drop to less than two
atmospheres — there is a slight hysteresis effect — the
hydride form decomposes to the original metal, with
the release of hydrogen.

50 bar
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Fig. 15. The pressure of hydrogen pg2 in equilibrium with LaNis
as a function of the hydrogen concentration ¢ at different tem-
peratures. If for example the Hz pressure is raised to greater than
about 3 bars at 21 °C, hydrogen is absorbed until the composi-
tion LaNisHg is reached approximately. Conversely, the hydro-
gen thus absorbed is released again when the pressure is lowered
to less than 2 bars. :

The metal behaves like a ‘hydrogen sponge’. During
the formation of the hydride it does indeed swell,
growing by 259 of its original volume, just like a
sponge absorbing water.

An effect of this expansion is illustrated in fig. 16,
where a small piece of freshly prepared metal exposed
for the first time to hydrogen gas is observed to crumble
spontaneously into small crystallites. The clean, active
surface formed during the fracture and fragmentation
has the effect of speeding up the reaction. The crum-
bling continues until a very fine powder is formed, with
an average grain diameter of 5 pm and a very large and
highly reactive surface that has a high sorption rate
even down to well below 0 °C.

The potential applications of a substance possessing
such properties are legion. As a storage medium for
hydrogen it has advantages over steel gas cylinders or
Dewar vessels for liquid hydrogen. The hydrogen
density in the LaNisHg.7 lattice is nearly twice as great
as in liquid hydrogen. In addition, a tank containing
LaNisHs.7 does not need to have a particularly thick
wall, since the pressure in it at room temperature is
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Single-mask bubble memory with rotating-field control

W. F. Druyvesteyn, F. A. Kuijpers, A. G. H. Verhulst and C. H. M. Witmer

Current developments indicate that bubble memories will have capacities exceeding 10°
bits and access times shorter than 1 ms. It therefore seems likely that they will be of
greatest use in applications where ‘high-speed’ core or semiconductor memories are not
large enough and conventional ‘large’ memories (magnetic tape and large discs) are not
fast enough. The competitors for such applications are the charge-coupled devices. In
both types the bits are moved through shift registers; in bubble memories this is done
with the aid of a rotating magnetic field. The shift-register operation is obtained with
circuits produced by photolithographic methods. The advantage of bubble memories is
that only a few masks are required. ‘Single-mask’ memories are obviously particularly
important here. Bubble memories are generally controlled by current pulses, and in some
cases the rotating field that propels the bubbles also has a control function. When rotat-
ing-field control is used, the sense of rotation is reversed at preset times. For single-mask
memorvies it would greatly simplify matters if complete control could be obtained via the.
rotating field alone. This article shows that rotating-field control is in fact satisfactory-

on a laboratory scale.

Introduction

In bubble memories the information is carried by
‘magnetic bubbles’. The medium for the bubbles is a
thin layer of ferromagnetic material magnetized per-
pendicularly to the layer by an external magnetic field
Hy. The bubbles form stable but extremely mobile
cylindrical domains of opposite magnetic polarity in
the layer; see fig. 1. Such domains are possible only in
material that is magnetically anisotropic, with the
‘easy’ direction of magnetization perpendicular to the
layer, and in a relatively small interval of values of Hp.
In the present experimental memories the diameter of
the bubbles and the thickness of the layer are a few
microns.

Series of preferred positions for the bubbles are
created in the layer, usually by means of permalloy
strips. A bubble in one of these positions represents the
binary ‘1’ and the absence of a bubble the ‘0’. A fre-
quently used pattern of strips is illustrated in fig. 2; the
details are of the dimensions of a bubble. The preferred
positions depend on the direction of an auxiliary

Dr Ir W. F. Druyvesteyn, Dr Ir F. A. Kuijpers, A. G. H. Verhulst
and C. H. M. Witmer are with Philips Research Laboratories,
Eindhoven. '

magnetic field H; in the plane of the layer. In fig. 2
this field is in direction 7; in this situation the ‘positive’
bubble-attracting poles I form the preferred positions.
If field H; is now rotated in a counter-clockwise sense,
the bubbles jump successively to the new nearest pre-
ferred positions 2, 3, 4, 1 ... and thus move from the
bottom to the top. The permalloy pattern therefore
forms a shift register for the information. If the ‘rotat-
ing field’ H, rotates in the clockwise sense, the informa-
tion shifts downwards. This type of shift registef
— with additional elements of other shapes — is

Fig. 1. The magnetic bubble, a cylindrical domain whose mag-
netization is in the opposite sense to that of the rest of the layer,
which is magnetized in the direction of a constant external field
Hp perpendicular to the plane of the layer.
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Fig. 6. The diameter 2R of a bubble as a function of the external
field Hy. The bubble shrinks with increasing field, finally dis-
appearing at the collapse field He. With decreasing field it changes
at the run-out field Hr into a filamentary domain. The case illus-
trated above is that of a 5-um film with a saturation polarization
Js of 15 mT (in the Gaussian system, a saturation magnetization
4mMj; of 150 gauss) in which the usual parameter /, indicating
the characteristics of the film, is 1 pm. (In the Gaussian system
{ = ow/4M;2, where ow is the energy per cm?2 of magnetic domain
wall.)

The external field is usually generated by coils or permanent
magnets; in general magnets are to be preferred because the
contents of the memory will not be erased if the power fails. The
rotating field is produced by crossed coils carrying currents with
a relative phase difference of 90°. With rotating-field control it
has to be possible to reverse the sense of rotation in each of the
four field positions (see fig. 2) within a period that is very short in
relation to the cycle of the rotating field. This has been success-
fully achieved at Philips Research Laboratories at a frequency of
100 kHz using current generators that can deliver currents of
3 A into coils of 20 pH [21.

' We shall now explain in somewhat greater detail the behaviour
of a- bubble when the external field is varied.

Let us assume that the energy of a layer of infinite extent of
thickness d, with no bubbles and subject to an external magnetic
field Hp directed upwards is zero. The generation of a bubble in
this layer can mean a reduction in energy, because the demagnet-
iZing energy Eq is negative, since the spins adjacent to the bubble
produce a downward demagnetizing field at the bubble (see
fig. 7), and a bubble in that field has a lower energy (Eq) than an
upward magnetized area would have. Eq increases in absolute
value'with the radius R of the bubble (see fig. 8). Two loss terms

Fig. 7. The demagnetizing field Hq in the space occupied by a
bubble. Since it is directed downwards, the demagnetization
energy Eq of a bubble is negative. ’

Philips tech. Rev. 36, No. 6

have to be set against this. Because of its opposite magnetization
the bubble has a positive field energy in the external field Ho;
this is proportional to its volume, i.e. to R2d4. Moreover, the
energy Ew of the domain wall is positive because the spins in the
wall are at an angle to each other and are not in the preferred
direction. This contribution is proportional to the wall area, i.e.
to Rd.

Fig. 8. Contributions to the energy of a bubble. £y demagnetiza-
tion energy, Ex field energy, Ew domain-wall energy.
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Fig. 9. Total energy Ei of a bubble in an external field Hy. The
bubble is stable at a radius R¢ at which" Et is a minimum.
Dashed lines: the total energy if the external field is equal to the
collapse field H¢ or the run-out field Hr (Hr < Ho < Hg); in
the first case Et only just fails to have a minimum. For a decreas-
ing field the minimum becomes lower; bubbles therefore move
in the direction of decreasing field-strength if the field has a
gradient. :
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associated program is (Z), —7, +7. The asymmetrical
Y-elements are essential here; these give the preference
for C and F to 4 and D discussed above.

Fig. 17 is a schematic diagram of the connection of
a minor loop to the major loop. The arrows indicate
the direction of movement for CCW rotation; the 7
positions are indicated by large dots. The program
(1), —7, 47 takes a bubble that started off at 4 to B
and thus conveys a bit from Ly to L;. Similarly, the
program (4), —7, 47 takes a bit from C to D, i.e. from

7N o

] 3 1

1

T

Fig. 16. The principle of fig. 15 in practice. The asymmetrical
Y-elements create the required preference for C and F rather
than 4 and D. The distance between the switch points B and E
is seven quarter-cycles here; the switching program is (1),—7, +7.
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Fig. 17. Connection of a minor loop to the major loop, schematic.
Sites I are indicated by large dots, the direction of movement for
CCW rotation by arrows. The write-in program (I),—7, +7
moves a bubblefrom 4 to B and the read-out program (), —7, 47
moves one from C to D.
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L1 to Lo. The first program effects a write-in operation,
the second a read-out operation. An essential require-
ment for the application is the possibility, created by
the difference between the starting field positions, of
executing the two programs independently of each
other. While it is true that when the operation (4),
—17, +17 is performed a bubble at E is sent to F after the
first —7 and not to G where it came from, the fact that
it does not reach the second switch point means that it
is returned to FE after the next 7.
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Fig. 18. Organization of the information. The distance between
two bits of a word in Lo is the distance between the inputs or
outputs of the minor loops (four cycles); the number of bits is
equal to the number of minor loops (six). Organized in this way,
a word can be written in or read out as a single unit. With CCW
rotation the word a (100110) circulates in Lo, the word b (001110)
in the minor loops.

The six minor loops in fig. 12 are all connected to Ly
in the same way; bits in corresponding positions are
therefore written in or read out simultaneously. The
interval between two successive inputs or outputs is
four cycles. The information must therefore be organ-
ized in words of six bits at four-cycle spacings in Lo.
In fig. 18 the word a circulates in Lo, the word b in the
six minor loops, with one bit in each loop. In the circuit
shown in fig. 12 nineteen such words can be stored in
the minor loops.

The information is generated with a bubble generator
G and a transfer gate ( fig. 19). The generator G sends
out an uninterrupted stream of bubbles. The program
(2), —7, 47, which, since the starting position (2) has
not yet been used, is again independent of the two pre-
vious programs, takes a bubble from P to Q on the
output track S. Unused bubbles disappear at 4. Let
the bubble at Q be the first bit (‘1’) of a word. The
second bit must appear four cycles later: 4-16. For a
‘0’ nothing more need be'done; for a ‘1’ we again have
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—7, -+7. In this way the word 110100, for example, is
generated by (2), —7, +7, +16, —7, +7, +16, +16;
-1, +7, +16, +16 = (2), -7, +23, —7, 439, —7,
~+39. The last bit has then arrived at Q. The net total
(80) indicates the distance between the first bit and the
last (5Xx 4 cycles). Continued CCW rotation takes the
word via a ‘confluence transfer gate’ into Lo; it can be
stored when the first bit has reached the input to L;.

A word that has to be read and put back into store
is first read out with (4), —7, +7. It is read by the
detector in the major loop. After 57 cycles, counting
from the read-out, the word again appears at the inputs
to the minor loops. The information stored in these
loops has then circulated exactly three times, so that
when the word is written in again it just ‘drops into’ the
hole that has been left open. If the word is no longer
required, the bits are conveyed one by one, via a trans-
fer gate operated from the as yet unused field position
3, to the annihilator A;.

Generator locks

To obtain the highest storage capacity it is desirable
to operate various circuits simultaneously with a single
set of field coils. If control is by the rotating field alone,
the problem arises of how to process the information
in one circuit independently of that in the other circuit.
We shall now examine a simple example to show how
‘generator locks’ allow independent information to be
generated in two circuits.

The generator locks for the two circuits @ and b are
represented schematically in fig. 20. Between the gen-
erator G and the output track S there are four switch
points; the ‘retrograde’ (vertical) sections are seven
quarter-cycles long; in between, there is a seven-
quarter-cycle section in ¢ and an eleven-quarter-cycle
section in b. It can easily be seen from fig. 20 that the
program Py, (2),—7, +7,—7, +11 creates a bubble
on the output track in circuit a while in circuit b, with
continued CCW rotation, it only drives a bubble into
the second annihilator. The opposite applies to pro-
gram Py, (2), —7, +11,—7, +7. In both cases all the
other bubbles are advanced by one complete cycle.

To annihilate information it has also to be possible
to select between the circuits, and annihilator locks can
be constructed similarly for this purpose. No locks are
required for writing into and reading out from the
minor loops: each circuit has its own detector and it
does-not matter if words not read out continue to
circulate in the major loop.

The more circuits there are from which to select, the
longer the locks of the type in fig. 20 become, and
hence the write-in time for new information. In a prac-
tical case, that of a 1.25-Mbit memory consisting of
64 chips, we have however calculated_that the locks
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Fig. 19. Generation of information. By means of the transfer gate
(program (2), —7, +7) any bubble generated by G can be directed
as desired either on to the output track S or not. Unused bubbles
disappear in the annihilator A4.

increase the mean write-in time by a factor of only 1.7
and the mean annihilation time by a factor of 1.5 while
themeanread-outtimeremainspracticallyunchanged!).
If the increase is too great, better locks can certainly
be designed [2],

One of the practical disadvantages of circuits with
locks is that they are all different and each will therefore
have to be made with a separate photomask.

Detection of bubbles

Bubbles are in themselves not difficult to perceive.
One of the attractive aspects of experimenting with
bubbles is that, because of the Faraday effect and the
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Fig. 20. Generator locks. A number of circuits are operated by
the same rotating field and the locks are used to make one of these
circuits at a time accessible for the bubbles generated. Each lock
has its own ‘key’ program, which does not open the other locks.
The generator locks for two circuits, @ and b, are shown, with
the tracks (thick) that a bubble passes along in the operation of
the programs Py and Py:

Pﬂ :(2))—71 + 7:—7, +11
Py :(2):—7’ +113_7, + 7

The sections of track travelled with CW rotation are shown
dashed. The program P, takes a bubble to the output track S in
a, but not in b; the converse is true for Py. Thin dashed lines;
track with continued CCW rotation.
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fig. 21 in that the connections lie nearly in a single
straight line. We were guided here by the consideration
that a narrow resistance path should improve the
signal-to-noise ratio and the discrimination between
bubbles in close succession. Fig. 22 shows a new design
that gives very good results.

Finally, we ought to say something about the need
to include the detector in a bridge with an identical
dummy detector. The reason for this is that the rotating
field itself is the largest source of variations in the
magnetization and hence in the voltage across the
detector; the difference between °‘bubble’ and ‘no
bubble’ is relatively small. The variations occurring
when no bubbles are passing are eliminated in the
bridge.

The design of detectors and other elements is still largely
empirical; the best design has to be chosen from perhaps 10 or
20 related versions based upon one particular idea. ‘Calculation’
of a detector is still impossible for various reasons, the main one
being that the magnetic-domain structure in the permalloy is a
vital factor, since the permalloy elements divide themselves into
only a few domains. Magnetization in an element occurs as a
result of wall displacement ( fig. 23). These processes in a detector
lead to considerable departures from the ‘normal’ magnetoresist-
ance effect. In the ‘normal’ case only the mean magnetization M
need be taken into account and the change in magnetization is

proportional to sin? &, where « is the angle between M and the
direction of the current flow.

* % ¥

As we pointed out earlier, the best possibilities for
single-mask memories seem to be offered by a com-
bination of current and field control. A combination
that strikes us as particularly favourable is one in which
only the generator is current-controlled. The informa-
tion would then preferably have to be organized dif-
ferently, not with a word stored in one chip (see fig. 18),
but with the bits of one word being located at corre-
sponding places in successive chips. The word length
is then the number of chips. This system has various
advantages. Limitation of current control to the gen-
erator keeps heat generation at very low levels. The
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Fig. 23. Magnetization of a bar element, by domain-wall shift.
These are tracings from photographs of a permalloy strip, 300 pm
long, in which the domain walls were made visible by Bitter’s
method.

chips can also be identical and therefore made with the
same mask, generator locks being made unnecessary
by the independence of the generators, while annihilator
locks would become unnecessary because every word
is annihilated or preserved in its entirety.

Summary. In magnetic-bubble memories the bubbles in a mag-
netic film are moved along tracks consisting of bars, tees or other
shapes of permalloy elements on the film by means of a rotating
field. The article describes a fairly complicated memory that can
be completely controlled by the rotating field alone. In this it
differs from memories that are wholly or partly controlied by
pulses of current, the current flowing either in the permalloy or
in a separate pattern of conductors. In the first case the consid-
erable heat generated is a great disadvantage while in the second
the technology is greatly complicated by the need to keep two
patterns in register. Rotating-field control consists in reversing
the sense of rotation at the appropriate moments. A basic feature
of the method is the transfer gate, enabling a single bubble to be
directed on to a different track while other bubbles are not
affected. The bubble detector, operating by virtue of the mag-
netoresistance effect, is integrated in the permalloy pattern; to
improve sensitivity a bubble is elongated before detection. Like
the gold for the contacts and an intermediate film of silicon
dioxide, the permalloy is applied to the magnetic film by sput-
tering. The same process is also used for etching the permalloy to
the desired pattern. The tolerances for the gold strips are so large
that the principal objection to multimask technology does not
apply. :
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Computer-aided design :

i
P. Blume

In designing mechanical parts a great deal of the design time is taken up in making the
drawings and updating them as required. Now that the cost of computer time is steadily
decreasing, it is worth while investigating whether automation of these activities is a
possibility and an economic proposition. Work has been in progress at the Philips Labora-
tories in Hamburg since 1973, in cooperation with colleagues at Philips Data Systems,
Eiserfeld, on an integrated computer system in which parts are completely detailed in a
dialogue between the designer and a computer via an ‘interactive display’. The system
also provides the programming of the numerically controlled manufacture of the part
and delivers punched control tapes for these machines. For certain types of parts, such as
punched metal parts, the tools required for the production process can also be designed
in this way. The geometry of a workpiece can be stored in a data bank; the system employs

an existing method developed for commercial data processing.

Introduction

Since the early sixties steadily increasing use has
been made of computers in the design of mechanical
devices and in production-planning departments —
‘computer-aided design’ and ‘computer-aided manu-
facture’, abbreviated to CAD/CAM. The objective is
to make the computer do the routine work that people
find so uninspiring. There is also the hope that the use
of a computer will enable the design to be produced
more rapidly and less expensively.

Before taking a closer look at the problems, let us
first give a definition of the term ‘mechanical design’.
This term includes the assembly of a number of suitable
components to form a complete machine as well as
the separate geometrical specification of the individual
parts. Both effectiveness and cost have to be taken into
account, by choosing appropriate materials, making
provision for strength requirements, following stan-
dards recommendations, and by keeping manufactur-
ing as simple and inexpensive as possible [11. The result
of design is ‘a large variety of technical data in forms
such as drawings of parts and sub-assemblies, parts
lists, adjustment instructions, manufacturing instruc-
tions, etc., enabling other people to manufacture the
product’ [2],

Stages in the design process

In engineering design the process of ‘thinking out’
a product — a process associated with the gradual tak-
ing shape of an idea that is originally undefined — is

Dr P. Blume is with Philips GmbH Forschungslaboratorium Ham-
burg, Hamburg, West Germany. i

divided into several stages (see fig. ) (81, The first is the
concept stage in which the original assignment, usually
a list of requirements, is taken as the starting point in a
search for design ideas that might offer a solution to
the problem. The most suitable of these ideas is selected
and is sketched by hand, not necessarily to scale in its
original version. In the ensuing design stage, this sketch
is used as a basic for a design drawing, which already
shows all the parts to scale, with connecting dimen-
sions. At the same time general calculations are made
to make sure that the design satisfies the main designﬂ
criteria relating to service life, strength and cost. In the
last, or detailing stage all the parts are finally specified,
dimensioned and drawn in detail. Drawings are then
made of sub-assemblies and the parts lists are compiled.
For complicated designs it may be necessary to repeat
one or more of these stages a number of times until the
iterative process yields an optimum design.

The diagram in fig. 2 gives a general picture of the
various activities encountered in design. We see that
drawing accounts for most of the time, 33 %, and that
159 of the time is devoted to the actual designing. It is
particularly interesting that only 3 9 of the total design
time is used for computing. This means that very little
time would be saved if the computer were only used for
calculations; to obtain any real rationalization of the
design process it is necessary to pay particular atten-
tion to the actual drawing and designing.

To find out where the computer could be used in the
various design activities, it is necessary to separate
these into heuristic activities and algorithmic activ-
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Fig. 1. Diagram of the design
process for a mechanical part.
The three stages of the process
are shown on the left, and the ‘
detailed activities at the centre,
while on the right the work is
subdivided into heuristic or
creative work and algorithmic
work, i.e. work performed in
accordance with a certain set 6f
instructions. A rough sketch of
the device is produced in the
concept stage; a design drawing
based on that sketch is made in
the design stage. In the detailing
stage the various parts are
detailed and drawn.

stages in the
process

concept

design

detailing

ities [4). Heuristic work may be defined as the creative
work, i.e. ‘invention’, the work based on the designer’s
ability to think in terms of abstract ideas and to take
decisions in complex situations. Except in a few ele-
mentary cases this work cannot be taken over by the
computer in the present state of technology. Algorith-
mic work may be defined as work for which an
‘algorithm’ can be given, i.e. a series of instructions or
procedural steps for the solution of a specific problem.
Such activities can very readily be performed by a
computer. In design work the actual drawing (and
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draw up
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!

check drawings |-

mainly
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calculations, of course) belong to this category.
If we now apply this to the various stages of the
design process as represented in fig. 1, we see that the

(11 This definition is taken from the Brockhaus encyclopedia,
17th edition, 1967.

{21 8. Hildebrand, Feinmechanische Bauelemente, Carl Hanser
Verlag, Munich 1968, p. 27.

(31 U. Baatz, Bildschirmunterstiitztes Konstruieren, Funkuons-
findung, Prinziperarbeitung, Gestaltung und Detaillierung
mit Hilfe graphischer Datenverarbeitungsanlagen, thesis,
Rheinisch-Westfilische Techmsche Hochschule Aachen,

- 1971.
[4 See the thesis mentioned in note [3].
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Fig.4. The CDC 1700 Digi- punched-tape tape tele- line punched-card
g’apglc computer Systfeén tf°’12*}:e reader punch type printer reader
graphic processing o ata. € H

interactive display is connected 400 characters 120 characters 300 //m_es 300 ca(ds
to the CD 1704 central processor per s per s per min per min

via a contro! unit with a ‘picture
store’; the computer itself has the
usual mass stores and peripheral
equipment. Information from
the computer store can be dis-

lCD 1711 CD 1742

CD 1729

played on the screen of the

picture tube and can be altered O
or added to by using a light pen / /
and keyboards connected to the | CD contro data contro D
interactive display. This means | 854 unit channel cD 1704 unit .
that very fast input of both 32k 608
alphanumeric and graphic in- | - -
formation is possible, while the CD 1738 CD 1706 16 b/'ts/word o 1752
inputcan be verified immediately 11 us cycl cD
on the screen. cD - 608
\8?4/ | magnetic-tape memories
disc memories CD 1744 30kHZ, 800 b/tS//nCh
each 3.2x10° words 8k control unit
| display file
CD 27 )

function alphanumeric
keyboard

turn by the diameter and length of the cylinder and the
initial coordinates required to indicate the cylinder’s
location in space. As in APT, abbreviations are used
to describe the elements; for instance, CYBEOL means
‘cylinder bevel outside, left’ and CYREO stands for
‘cylinder recess outside’.

The description of the workpiece data by a pro-
gramming language has the advantage that the user of
the system can describe the workpiece at his own pace
in advance without having to take computer times into
account. The text is punched on to cards and only then
fed to the CAD system. This method, however, has the
great disadvantage that the designer, who generally
expresses his ideas in a direct graphical way, has to
express himself in a language with an extensive vocab-
ulary. Moreover, this verbal system is sensitive to
errors. An input system in which the designer com-
municates graphically is therefore preferable.

In this article the development of such a CAD/CAM
system will be discussed. The system is not only used
for designing workpieces, it also carries out produc-
tion-planning activities right up to the generation of
the perforated tapes for the manufacture of com-
ponents on numerically controlled machine tools 81,

> display

— o &

light pen

keyboard

Input via an interactive display

The graphical communication with the computer
can be realized in a very direct manner with the aid of
an interactive display. The term ‘interactive’ indicates
that the display permits a dialogue between the designer
and the computer [91, Fig. 4 gives a general impression
of a computer system designed for this purpose; it
consists mainly of a central processor with the usual
peripheral equipment (typewriter, card and tape pun-
ches and readers, a high-speed printer, and magnetic
tape and disc stores) plus some other input and output
devices for graphic information, such as a digitizer, a
device which can transfer a drawing in digital form,
e.g. on to paper tape, and a data plotter. The heart of

[51 R. Simon, Rechnerunterstiitztes Konstruieren, eine Mog-
lichkeit zur Rationalisierung im Konstruktionsbereich, thesis,
Rheinisch-Westfilische Technische Hochschule Aachen,
1968.

J. Vlietstra, The APT programming language for the nu-
merical control of machine tools, Philips tech. Rev. 28,
329-335, 1967.

E. Schnelle, Rechnerunterstiitztes Konstruieren im Dialog,
thesis, Technische Universitit Berlin, 1972; see also: I. C.
Braid, Designing with volumes, thesis, University of Cam-
bridge, 1973.

This research was carried out with support from the.govern-
ment of the Federal Republic of Germany.

See the thesis mentioned in note [3]. .

(6]

7]

81
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»shaft
recess e 3
bevelled edge left
bevelled edge right
runout left
runout right
keyway
drilled centre hole
CR
end .a

Fig. 6. Dialogue between the designer and the computer during
the interactive input of the geometry of a shaft. The central
rectangular region of the circular screen contains a drawing of
the part of the workpiece that has already been input. Lists of the
names of elements descriptive of the kind of workpiece desired
can be displayed in the four segments round this rectangle. These
lists are known as ‘menus’. When one of these elements is in-
dicated by pointing the light pen at it, this element is added to the
drawing of the workpiece. The dimensions are inserted via a key-
board or by pointing at a ‘number’ menu that is also displayed
on the screen. @) When a shaft is to be described the word ‘shaft’
is assigned from the menu on the left and the diameter and length
are input. This part of the shaft then appears in the working field
of the picture tube. The following are then added successively in
the same way; a bevelled edge (), a recess for a retaining ring (¢)
and a machine-tool runout (d). The shaft is now extended to-
wards the right by the addition of a second shaft section () to
which a keyway is added (f).

of the list, 2 menu usually contains no more than eight
words. If more than eight words are necessary, they
are divided between a number of hierarchically ar-
ranged menus.

The first menu for turned parts contains the most
important shapes and form elements that can occur,
such as a shaft section, a bevel, a recess, a tool runout,
etc. In describing a turned part of the type shown in
fig. 3 the workpiece is divided into separate shaft sec-
tions of a certain thickness and then, after the starting
point has been determined, the first section is input. The
designer therefore first points to the word ‘shaft’ on the
menu ( fig. 6a). Each time a particular element has been
selected the parameters required for its further defini-
tion appear in the top segment of the picture tube,
together with a drawing to clarify them. In the case of
the shaft this drawing is a rectangle and the parameters
are the diameter and the length. The values of the
parameters are input either via a keyboard or with the
light pen by pointing at digits in a menu displayed on
the screen and consisting of the digits 0 to 9. The
advantage of this.method is that the designer does not
have to put the light pen down to use the keyboard.
When the dimensions have been input, a drawing of
the desired section of the shaft appears at the indicated
position in the rectangle, symmetrically in relation to
the axis (see fig. 6a). :

The end of this shaft section must now be bevelled.
The term ‘bevel’ is then pointed at and another diagram
appears, this time with the angle and width of the bevel
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as parameters, together with a small menu of the most
common values for the angle (fig. 6b). Displaying these
angle values has the advantage that it is only necessary
to point at the desired value instead of supplying each
digit separately. From this rather trivial example we
can see how the system ensures that the decisions that
the user has to take are prepared in such a way that
they demand the least possible effort from him. This
emerges still more clearly in the steps which follow:
the introduction of a recess for a retaining ring and a
runout for grinding. After indicating the term ‘recess’
(fig. 6¢), another diagram appears on the screen com-
plete with parameters; the dimension / of the new
element where it connects with the part already formed
is particularly important. Since there are standard
thicknesses and widths for these retaining rings and
recesses, depending on the diameter of the shaft, these
dimensions are read directly from tables stored in the
computer memory. The designer therefore only has to
indicate the parameter /.

Four shapes A, B, C and D are laid down in the
standard DIN 509 for the tool runout (fig. 6d). By
pointing at these letters one by one the designer can
now make diagrams of these four possibilities vis-
ible on the tube, enabling him to select the shape which
he finds most suitable. Since the parameters of the four
shapes are specified for each shaft diameter in the
standard, the designer only has to indicate the shape
he has selected and confirm it.

The following stages in the input of the shaft take
place in an analogous way (figs. 6e and f). We shall
only consider one more possible stage in more detail:
the addition of a keyway. Like the tool runout, this
element is covered by a DIN standard; in any par-
ticular company a preselection is generally made from
the standard versions and these are listed in a menu.
The length of the keyway can still be chosen freely with-
in certain limits; this dimension depends on the torque
to be transmitted. Thus if a program is included that
calculates the length of the key from the maximum
torque required, all the user of the system has to in-
dicate in addition to the torque is the connecting dimen-
sion (/ in fig. 6 f) in relation to one of the end faces of
the shaft.

In the example given above we see that, despite the
use of the computer and the interactive display, a
considerable amount of data still has to be input
manually, even for a simple workpiece. The example
also shows clearly that by the start of the detailing
process, i.e. at the point where the CAD system begins,
the workpiece has already assumed a fairly definite
shape. At this point it might not really seem that the
use of this equipment is worth while in comparison
with conventional drawing on a drawing-board. If the
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drawing alone is considered, then it is definitely not
very helpful. But the great advantage of using the com-
puter, however, is that when the dialogue with the
computer has been completed a full geometrical de-
scription of the workpiece is available in the computer
memory. This allows the information to be auto-
matically processed, in whole or in part, from this
point onwards for the production-planning or prep-
aration processes that follow the detailing. These
activities can also be executed with the interactive
display: the workpiece data can be stored in an elec-
tronic file (on magnetic tape or magnetic disc); imme-
diate access is then available if updating is necessary;
the parts of the workpiece can be called separately
from the file and arranged on the screen to form sub-
assemblies. Alternatively, the data can be used again in
a dialogue, for generating the control information for
producing the parts on numerically controlled machine
tools.

The geometrical structure of a workpiece

We shall now take a closer look at the geometrical
model of a workpiece. The shape of the body can be
described unambiguously by giving the positions of all
the points on its bounding surfaces. If these surfaces
have a completely irregular shape, it can mean in the
extreme case that an infinitely large number of points
and hence an infinitely large amount of data is neces-
sary for an exact description. Usually, the designer will
look for a more regular shape with more regular limit-
ing surfaces, which gives a good approximation to the
body within the specification and can be described with
a smaller amount of data.

Engineering workpieces are not usually irregularly
shaped bodies but objects made on machine tools and
hence of a more regular shape. Turned parts, for
instance, are made on a lathe and have rotational sym-
metry. An investigation carried out in the mechanical
engineering laboratory of the Rheinisch-Westfélische
Technische Hochschule Aachen, on workpieces from
a production run [10] shows that a large number of the
workpieces examined can be made up from a small
number of basic shapes such as blocks and cylinders.
By way of example, fig. 7 shows a shaft and the basic
shapes into which it can be divided. The workpiece-de-
scriptive programming languages are based on this
principle. Since, as we shall show below, basic shapes
can be described with only limited data, the description
of .objects composed from them, modified if necessary
by simple form elements, requires a minimum of in-
formation. . : ,

A basic geometrical shape is determined by a hier-
archy of descriptive ‘elements;. fig. 8 shows this hier-
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archy for a cube. On the top step we have the body
itself; on the second step are the surfaces bounding the
body; these in turn are bounded by the edges that form
the third step and these are in turn bounded by the

form element

basic shapes

Fig. 7. Example of a composite body and the basic shapes, in this
case cylinders, into which it can be divided. The basic shapes, in
turn, can be further modified by the addition of form elements
such as bevels, as shown here.

-~
L)

4 3

Fig. 8. Schematic representation of the geometrical structure of
a basic shape, in this case a cube. The structure can be described
with a number of hierarchically arranged lists in which the vari-
ous elements such as faces, edges and vertices are given, and with
descriptions of the relationships between these elements. The
division into elements and relationships is very convenient for
the storage of the structure in a computer memory.

points forming the fourth step. From this classification
there emerges a hierarchy of lists for describing an
object, e.g. an ‘edge list’ comprising edges a to / and
containing the description of these edges (straight,
circular, "etc.) and a ‘point list’ containing the coor-
dinates of the various points. In addition to the ele-
ments themselves; the relations between the elements
can be described. In the case -of the cube, for instance,
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there is a relation between the surface 4 and the edges
a, b, ¢ and d, since 4 is bounded by these edges; there
is also, for example, a relation between vertex I and
edges a, d and g, because vertex / is the vertex common
to these edges. _ .

For basic shapes a complete description of the
geometry using these lists is in general highly redun-
dant. A cube, for example, can be described adequately
both in size and its position in space by giving the
length of its side together with the direction cosines of
one of the surfaces and the coordinates of a single
vertex point. There is, however, considerably less
redundancy in the more complicated composite objects
generally encountered in practice. However, practice
shows that considerable loss of time in the dialogue via
the interactive display is incurred if all the coordinates
of the angular points and centres of the basic shapes
and all the data on the edges have to be generated
before the workpiece can be displayed. It is therefore
advisable to store a complete ‘redundant’ geometrical
description of the workpiece together with its basic
shapes and form elements in the computer memory.

Data storage in the computer

The geometric data is stored in a computer system in
the form of ‘data structures’, i.e. structured collections
of data in which various objects and their interrelations
are recorded. In recent years a number of data-structure
types have been developed; one of these is that of the
CODASYL group M1, This design was developed on
the basis of experience with the storage of data for
commercial data processing. In our experience, how-
ever, the CODASYL structure is also very useful for
the storage of geometrical structures.

The elements of the CODASYL structure are the
record and the set. A record is a representation of an
object by its properties or attributes. Thus the record
of the object ‘point’ consists of the serial number of the
point and its x-, y- and z-coordinates. A group of
objects with the same characteristics constitute a
record type; the group of all point records thus forms
the ‘points’ record type. Conversely, each record in-
dividually is called an ‘occurrence’ of a record type,
which means to say that it is one of the class forming
the record type. A set defines a relation between record
types, e.g. between the record type of a body and the
record type of its bounding surfaces. The term ‘occur-
rence’ is used in connection with a set, in the same way
as in connection with a record type, if a particular

[10] See the thesis mentioned in note [4]. RS -

(111 CODASYL Data Base Task Group, report, April 1971;
CODASYL is an acronym for COnference.of DAta SYstems
Languages. - : .
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relation between individual records is intended. In
practice the set is realized by means of a reference con-
tained in the record, for example to certain other
records or to a table that in its turn contains references.
The following notation has been developed by C. W.
Bachman 2] for representing data structures: record
types and records are shown as rectangles and a set is
represented by an arrow connecting the rectangles
(fig. 9a and b).

edges
record type ‘occurrences’ o
. body 2
bodies body 1
I:n |facg 4
face ¥
' Iface 2
face 1
faces
set occurrence of set

b

Fig. 9. Schematic representation of the basic elements in the

- CODASYL structure for the storage of data in a data bank. a)
A rectangle represents a record, a description of an object, or a
record type, i.e. the collection of all the records of a particular
type. Every record can be regarded as an occurrence of a record
type. In the application described here the record is used to
describe an element in the geometrical description of a work-
piece. b) An arrow between two rectangles represents a set, the
description of a relationship between two record types. The set
is defined such that there is always one record that is the
OWNER of one or more MEMBERS (e.g. a single body consist-
ing of two (curved) surfaces); only 1 :n relationships can be
described by sets. The term occurrence is also employed in the
case of a set if what is meant is the relation between an OWNER
record and its MEMBER records.

In the CODASYL structure the set is organized in
such a way that a single record type is always shown as
the OWNER, one or more record types as MEMBERS.
The ‘occurrence’ of a set always consists of one
OWNER record and zero, one or more MEMBER
records (e.g. a body as the OWNER and two or more
bounding surfaces as MEMBERS). This means that a
set can only define 1:n relationships. The arrow
representing the set always points from the OWNER
to the MEMBER. In the geometrical data for which
we wish to use the CODASYL structure, m:n relation-
ships occur regularly instead of 1:n relation-ships,
e.g. between edges and vertices: each edge has two

Philips tech. Rev. 36, No. 6

end points and each vertex can belong to two or more
edges. If, in an ‘edge-vertex’ set, we started from a
vertex as MEMBER, two edges would again occur as
OWNERS of this vertex, which is not allowed in the
CODASYL structure. This problem can be overcome
by introducing relation records, which are extra
records used only as links between other records. By
way of example fig. 10a and b show how the connection
between edges and vertices can be defined with the aid
of relation records. In the ‘edge-relation record’ set
each OWNER record ‘edge’ has two ‘occurrences’ of
the relation-record type as MEMBERS. Each of these
records in turn is associated with another relation
record as MEMBERS of a vertex as OWNER in the
‘vertex-relation record’ set. To find the vertices as-
sociated with a particular edge we must therefore look
first in the ‘edge-relation record’ set of MEMBER
relation records associated with the edge as OWNER;
the vertices associated with these relation records can
then be found as OWNERS in the ‘vertex-relation
record’ set.

With the aid of these elements of the CODASYL
system the data structure of engineering workpieces
can be represented in the manner illustrated in fig. 11.

record
type

record
type

'n I:m

relation-
record type

m:n relationship a

[edge 2
edge 1

|vertex 2
vertex 1

rel rec 4
rel relc 3
rel rec |2 ==

relation
record 1

occurrences of an m:n relationship

b

Fig. 10. a) Representation of a data structure in which an m: n
relation occurs. To enable the records and sets as defined in fig. 9
to be employed in this case, a relation record forming the link
between the two records is inserted. ) The examples given here
are the occurrences of two sets that indicate, via a relation
record, the connection between the edges of a cube and three
vertices, one of which is the common vertex.
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To distinguish them from ordinary records the record
relation types in this figure are symbolized by circles.
While data structures such as the CODASYL struc-
ture are adapted to the requirements of data processing,
the form in which they are stored in a computer

part

—

basic
shapes

¥
(P form

element

faces

}

contours

3

edges

9

vertices

Fig. 11. Representation of the data structure of a workpiece in the
CODASYL system. Relation records are shown here as circles.

memory has not yet been dealt with. This form, the
storage structure, is not only influenced by the data
structure but also by the organization of the memory,
e.g. the addressing, the coding of information, etc.
This point cannot however be discussed in this article.
Knowledge of the storage structure is not in fact
required by the user; the data structures expressed by
means of CODASYL data-structure elements de-
scribed above can be stored in any data bank based on
the CODASYL system (e.g. the Philips PHOLAS [13])
without further knowledge of the storage structure. A
data bank of this kind is used to store the geometrical
data for mechanical workpieces.
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The integrated CAD/CAM system

For executing the various activities required in the
designing and production planning of sheet-metal
parts, we have developed an integrated CAD/CAM
system, which is shown schematically in fig. 72 [14],
The application of the system starts in the detailing
stage of product design and covers tool design and the
programming of numerically controlled wire spark-
machining equipment used for making the production
tools. '

The geometrical data for sheet-metal parts is input
in the same interactive way as described above for
turned parts. Our experience is that much less use can
be made of form elements here. Also, fewer design
rules are available. Since sheet-metal parts are much
used in assemblies such as chassis, cabinets and frames,
it is likely that design systems for these will be devel-
oped in the future.

Once the geometry of the workpiece has been de-
scribed, a digital representation is stored in the parts
file. The technological and organizational data are then
added and the part is dimensioned (fig. 13). The
dimensioned part must of course be clearly readable,
for example the dimension lines and the lines of the
part must not intersect. Producing such a drawing is
usually so complicated (see figs. /4 and 15) that this
activity cannot be performed by an algorithm but
requires human intervention: the light pen is pointed at
the line that has to be dimensioned. This line then starts
to flicker as was explained above, and when it has been
confirmed that it is the line intended, the coordinates
of its end points are read from the data structure, the
dimension is calculated and then automatically dis-
played on the screen together with the dimension and
extension lines. If some of the dimensions thus gen-
erated are inconveniently located, e.g. because they
intersect other dimension lines or contour lines of the
workpiece, they can be moved to any other more suit-
able place by the light pen. To enable the representa-
tion of the dimensions to be called later, together with
the geometry of the workpiece, this information is also
stored in the parts file.

Drawings of the workpiece design can be made auto-
matically with an x-y plotter; this data is supplied by
the parts file via a postprocessor that converts the data
from the data structure into machine code for the plot-
ter pen. It is possible to define a standard interface so

(12} C. W. Bachman, Data structure diagrams, Data Base 1,
No. 2, 1969.

(131 Introduction to PHOLAS, publication of Philips Electro-
logica BV, Apeldoorn, July 1974, :

[14] We should like to acknowledge the valuable help, relating to
the mechanical engineering of the system, that was given by
Dr Burmester of the Philips Data Systems Division,
Eiserfeld, West Germany.
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Optical communication systems with glass-fibre cables

K. Mouthaan .

With the increasing density of telecommunication
traffic transmission facilities of ever greater bandwidth
are required. This necessity for greater available band-
width arises not only from the increasing use of the
telephone, but also from the desire to offer more ser-
vices to the individual user. Data transmission, video
telephony [1] and facsimile are typical examples of such
services.

A familiar wideband transmission device is the
coaxial line, in which the information is conveyed in the
form of electrical signals. A single coaxial line can
handle 10 000 or more telephone channels, e.g. by the
well known technique in which signals for these chan-
nels first modulate carrier waves (‘carriers’) and are
then ‘stacked’ in frequency. A number of lines can be
collected together to form cables that are capable of
carrying up to 100000 telephone channels in both
directions.

At present attention is being concentrated on an

optical communication system, in which the informa-
tion is transported in the form of light signals. In this
system glass fibres are employed as wideband optical
waveguides. Now that glasses with very low optical
losses [21 are being developed, and semiconductor
lasers [3] that will operate continuously at room tem-
perature and very sensitive avalanche photodiodes [4]
are becoming available, such systems are becoming of
increasing practical interest. A communication system
built from these elements has the essential features
shown in fig. I.
. The glass fibres, about 100 pm in diameter, can be
massed together to form thin and flexible cables that
are still relatively easy to install even when the number
of fibres is large. The cables are completely insensitive
to electrical interference, and there is no cross-talk be-
tween the various fibres in the same cable. Compared
with conventional cable systems, glass-fibre cables
should be less expensive and easier to lay. In addition,
copper, an increasingly scarce commodity, will be
replaced by glass.

In this article we shall show how the potential appli-
cations of the optical communication system are related
to the characteristics of its various components; the
article is also intended as a general introduction to the
other contributions in this issue of Philips Technical
Review. ' '

Dr Ir K. Mouthaan is with Philips Research Laboratories, Eind-
hoven.

The components of an optical communication system

In the simplest case the glass fibre consists of a core,
about 50 um in diameter, contained in a cladding of
lower refractive index than the core; this brings the
overall diameter of the fibre to the figure of 100 pm
mentioned earlier. Light conduction in the core results
from total internal reflection at the interface between
the core and the cladding (fig. 2). For total internal
reflection the angle of incidence at the interface must
be smaller than the critical angle, which is determined
by the refractive indices of the core and cladding. If the
refractive indices differ by 1%, a value that is consid-
ered for practical applications, the critical angle is
about 8°. At the end face of the fibre this corresponds
to a maximum angle of 12° between the incident light
rays and the axis of the fibre, because of the refraction
at the glass/air interface.

The optical losses in the glass fibre directly deter-
mine the spacing at which repeaters have to be included
in the cable. In only a few years it has been possible to
reduce these losses to less than 10 dB/km. On a labora-
tory scale it has even been possible to make glass
fibres whose losses are equivalent to 1-2 dB/km.

F
Y s
Fig. 1. Schematic representation of an optical telecommunication

channel with a glass fibre F, a GaAs laser diode L and an av-
alanche photodiode P. The laser emits a beam of infrared radia-

to the P-N junction.

The light source considered most suitable for this
application is a GaAs laser diode, while in some cases
use can also be made of an incoherently radiating GaAs
diode (light-emitting diode or LED). Both sources
radiate in the near infrared (0.8-0.9 pm) and can
easily be modulated by varying the diode current. The
diode material can be doped appropriately to ensure
that the wavelength of the emitted radiation is located
at or near a minimum in the attenuation of the glass [5).
A suitable detector for the near infrared range is the
very sensitive Si avalanche photodiode. The permissible

‘signal-to-noise ratio and also the nonlinearity and

limited dynamic range.of the light source and.detector
make it desirable to employ digital signals. An obvious
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that the cable will be produced and laid in sections of
limited length. Losses will inevitably occur where two
lengths of cable are ‘spliced’. The possibility of the
cable being broken a number of times as a result of
excavation work, etc. during the lifetime of the cable
system — estimated at 30 years — has also been taken
into account. The repair of these breaks will introduce
additional coupling losses.

The figure shows clearly that the multimode fibre
with a simple step in the refractive index will not give
as great a maximum repeater spacing for increasing
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Fig. 5. The maximum repeater spacing d as a function of the
cable attenuation « at a bit rate of 34 Mbit/s for a laser in com-
bination with a multimode fibre with a parabolic refractive-
index profile (curve a) and for a light-emitting diode in combina-
tion with a fibre of the same kind (curve 4).

values of the bit rate as the fibre with the parabolically
grac(lved index or the single-mode fibre, and that a laser
gives better results than a light-emitting diode. The
combination of a light-emitting diode and a single-
mode fibre is pointless since, as already observed, the
radiance of an LED is not high enough to couple suf-
ficient power into a fibre with such a thin core.

Fig. 5, finally, demonstrates the maximum repeater
spacing as a function of the cable loss. The values were
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calculated for a modulation rate of 34 Mbit/s and ‘the
use. of a glass fibre with a parabolic refractive-index
profile, in combination with a laser or an LED.

In addition to telecommunication, where a large
bandwidth and a large repeater spacing are of primary
interest, there are many other applications in which
optical communication on glass fibres can offer advan-
tages for other reasons. These include applications in
aircraft, where the low weight of the cables is an asset,
and communication between installations some dis-
tance apart — e.g. instruments in hospitals or data-
processing equipment in computer centres -— in which
it is an advantage not to have earth-potential differ-
ences to consider, and the insensitivity to electrical
interference can also be invaluable. Yet another appli=
cation of interest is in communication and control in
high-voltage installations, where the possibility of
bridging large voltage differences is of great value.

Summary. In the study of wideband transmission systems much
attention is being given to an optical system in which information
is conveyed in the form of light signals conducted along a glass
fibre. If the refractive index of the glass fibre decreases towards
the outside, light incident within a cone around the axis, of the
fibre will be contained within the fibre. In the last few years the
optical losses per kilometre in such'glass fibres have been reduced
to a factor of about 2 per km. The light source may be either.a
GaAs laser diode or a light-emitting diode (LED) and a suitable
detector is the Si avalanche photodiode. The bandwidth of a
system of this kind depends chiefly on the differences in time delay
for the various available light paths in the fibre. A large band-
width can be obtained by makmg the fibre so thin that only one
light path is possible or by giving the refractive index of the fibre
a profile that decreases parabolically towards the outside. Sys-
tems with a transmission capacity of many hundreds of Mblt/s
for a repeater spacing of many kilometres can be produced in this
way. Advantages of an optical communication system of this kind
are inexpensive and easily laid cables, its non-dependence orn
mcreasmg]y scarce copper, and its insensitivity to interference:
The system is of interest not only for telecommunication but alsg
for applications in aircraft, - instrumentation, commumcatlon
between equipment and in high-voltage installations. -
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- The manufacture of glass fibres for optical communication

Die !

H. M. J. M. van Ass, P. Geittner, R. G. Gossink, D. Kiippers and P. J. W. Severin

introduction

From the very start the existence of the laser has been
a stimulus to the idea of optical communication. One of
the ideas put forward, a communication system in
which signals are transmitted along optical waveguides
by electrically modulated GaAs lasers, has led to
studies of the potential of glass fibres in such an appli-
cation. A fibre for optical communication must satisfy
three requirements. First, as little radiation as possible
should escape sideways (see p. 177); secondly, in the
propagation inside the fibre the loss due to absorption
and scattering should be as small as possible; thirdly,
the shape of a light pulse should be preserved over
large distances (low pulse dispersion). The first require-
ment is most easily met by making fibres that consist of
a core (which conducts the light) and a cladding of a
material of lower refractive index, giving total internal
reflection at fairly low angles of incidence. If the
refractive index is given a nearly parabolic, rather than
stepped, variation in the radial direction, then in addi-
tion the lowest pulse dispersion is obtained [11.

In the wavelength range of interest here, the absorp-
tion of radiation in glass is mainly due to hydroxyl
groups and ions of the transition metals (particularly
Fe and Cu). It is therefore desirable to make the con-
centration of these impurities as low as possible. To
limit the scattering every attempt must be made to
prevent ‘the presence of inhomegeneities, such as
bubbles, crystallites and local variations in the refrac-
tive index.

Studies made in many countries have led to the con-
clusion that soft (multicomponent) glass of various
kinds as well as doped silica glass can both be consid-
ered for the manufacture of fibres for optical communi-
cation. The techniques for making multicomponent-
glass optical fibres have been based on conventional
methods used in glass manufacture. In most of these
techniques a double crucible has been used [2), This
article includes a description of a double-crucible
method applied at Philips Research Laboratories, in
which alkali-germanosilicate glasses are employed. If
silica glass is to be used with its much higher melting

DrIr H M. J. M. van Ass, Dr Ir R. G. Gossink and Dr P. J. W.
Severin are with Philips Research Laboratories, Eindhoven;
Dr<P. Geittner and Dr D. Kiippers are with Philips GmbH For-
schungslaboratorium Aachen, Aachen, West Germany.

point, there is much to be gained in using chemical
vapour deposition (CVD). Such methods are well
known from semiconductor technology (2. At Philips
Forschungslaboratorium Aachen a CVD method has
been developed in which the chemical reaction is set up
by a non-isothermal microwave plasma.

For multicomponent glass, the double-crucible pro-
cess can be run continuously; this is an advantage for
industrial production. In methods for processing silica
glass, on the other hand, it is more easy to meet the
requirements for high purity (low absorption). Of all
the methods in which silica glass is the starting material,
the plasma method seems to be the one most suitable
for obtaining a parabolic index profile.

The double-crucible method; fibres of alkali-germano-
silicate glass

In making a gradually varying index profile (‘graded-
index profile’) in a glass fibre by the double-crucible
method two kinds of multicomponent glass are used,
of different refractive indices. The glass with the higher
refractive index forms the core of the fibre and the
other forms the outer portion or ‘cladding’. An ion-
exchange technique is used to give a smooth variation
in the refractive index. It is clear that unless special
measures are taken the index profile produced in this
way by diffusion can only be.a rough approximation to
the desired parabolic profile.” »

A material containing monovalent ions is the most
obvious choice for the ion exchange to give the desired
index profile, since only monovalent ions diffuse rapidly
enough. The exchange between TI+ and Nat or K+
ions has usually been used previously, but there are
problems with thallium: it is toxic, volatile at.the
fusion temperature of glass and has a tendency to as-
sume valencies other than unity. : -

If two conventional types of glass are used as starting
materials, an exchange between Nat+ and K+ ions does
not give a Sufﬁciently large difference in refractive
index. The desired difference can however be obtained
by using alkali-germanosilicate glass. In addition to
NazO or K20 and SiOs this glass also contains GeOq
as a main component, and small quantities of Al;O3
and CaO are added for stabilization.
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Fig. 13. Diagram of a bridge for determining the total optical loss and light scattermg ofa
glass fibre. Two light beams of equal 1nten5|ty are produced with the aid of semitransparent
mirrors Miri1, Mire and Mirs. One beam is transmitted via the microscope objective MO, and
the micromanipulator MM, to the fibre Fib under test, and the other via MOz and MMa to the,
reference fibre Ref. This reference fibre is so short that the attenuation in it is negllglble The
light beam is offered alternately to the test fibre and the reference fibre by the action of the
chopper Ch. The transmitted light from both fibres is measured by the photodiode Det;. The
diode signal is measured with the phase-sensitive amplifier 4mp. The phase-reference signal is
supplied by the detector Dets and the Ilght source Sog; the light from Sos is also chopped
periodically by Ch. The scattered light is measured with the Ulbricht sphere U. The light can
originate from the He-Ne laser Soa for measuring the scattering at a discrete wavelength or
from the combination of the tungsten-band lamp So; and the'monochromator Mon, for meas-
uring the total optical losses as a function of the wavelength (the intensity of the mono-
chromator is insufficient for measurmg the scattering losses, with the Ulbricht sphere). Dets
reference photodiode. DP double prism. MS1 and MS2 modestrippers that collect the light
escaping sideways. Osc oscilloscope. Rec recording equipment.

preform. Fortunately, such a deviation from the para- Summary. Description of two methods for the manufacture of

bolic curve has no serious consequences : measurements
have shown that the pulse dispersion is only 0.8 ns/km(81,

Results of measurements on the fibres are shown in
fig. 12. The measurements were performed with a dif-
ferential bridge, as shown schematically in fig. 13.
With this bridge both the total optical loss and the part
of the loss due to scattering can be measured. It can be
seen that the total optical losses in the wavelength
region of interest lie between 3 and 5 dB/km (with a
minimum of 1.4 dB/km at 1.06 um), and hence well
below the value normally considered acceptable in
practice for optical communication.

glass fibres for optical communication that have a low optical
loss and a low pulse dispersion. The fibres consist of a cladding
around a core of higher refractive index, which has a nearly
parabolic variation across the core diameter.

In the double-crucible method rods of alkali-germanosilicate
glass are fed into two concentric crucibles; the rods differ in their
content of Nat and K+t ions, and therefore in refractive index.
In the region in which the two streams of molten glass merge to
form the fibre there is an exchange between the Na* and Kt
ions; this ion exchange is such as to produce a smooth, approx-
1mately parabolic variation in the refractive index. i

In the plasma method silica glass is deposited layer by layer on
the inside of a silica tube. The deposited glass is doped with
germanium dioxide to give the desifed variation in refractive
index. The deposition in layers is carried out with the aid of a
microwave resonator that moves to and fro in the axial direction.
This last method gives fibres with 'a total optical 16ss-of '3 to
5 dB/km and a pulsé dispersion of 0.8 ns/km. - S

N
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Semiconductor lasers for optical communication

G. A. Acket, J. J. Daniele, W. Nijman, R. P. Tijburg and P. J. de Waard

Introduction

As has alreadybeen said in the introductory article(),
the semiconductor laser is an attractive light source
for optical communication: its dimensions are small
(and reasonably well matched to those of a cross-
section of an optical glass fibre), it uses little energy and
is relatively easy to modulate (directly by means of the
drive current, so that there is no need to use expensive
electro-optical elements). The principle of the semi-
conductor laser, of gallium arsenide, has been known
since 1962 121, but the early prototypes needed a very
high drive current to produce laser action. This made
continuous operation at room temperature impossible.
Since then, however, many improvements have been
introduced, mainly through the use of a multilayer
structure, which has now made continuous laser action
at room temperature possible. In this article we shall
discuss our work on a laser with a double hetero-
junction, which requires only a low drive current. We
shall begin by giving a short account of the operation
of semiconductor lasers in general. After dealing with
the structure and operation of the multilayer laser for
optical communication, we shall examine the choice
of device parameters and show how these lasers are
made by means of advanced crystal-growth methods.
The article concludes with a discussion of the effects
that determine the life of the laser.

Laser action in semiconductors

The ‘classical’ light sources, such as incandescent
lamps and discharge lamps, emit incoherent radiation:
the different surface elements behave like independent
fadiators, and the waves transmitted through one small
surface element possess little or no phase correlation
with time. This is because all these light sources are
based on spontaneous emission of photons by excited
atoms or ions. Since the beginning of the sixties coher-
ent light sources have also become available: in these
sources there is a well defined phase correlation over
the radiating surface, and there is also phase coherence
within reasonably long time intervals. These light

Dr G. A. Acket, Ir W. Nijman, R. P. Tijburg and Ir P. J. de Waard
are with Philips Research Laboratories, Eindhoven; Dr J. J. Daniele
is with Philips Laboratories, Briarcliff Manor, N.Y., U.S.A.

P

sources, the lasers, are based on stimulated emission.
Spontaneous and stimulated emission may be com-
pared with one another by reference to the diagrams
given in fig. 1, where line (J) represents the energy
level of an electron in its ground state and line (2) the
electron energy level in the excited state. If the electron
is in the ground state (q) it can be raised to state (2) by
the absorption of a photon; an electron in state (2) can
return to state () accompanied by the emission of a
photon either spontaneously, i.e. without interaction
with any radiation field (b), or on stimulation by

2____ —_——— —_———
hv hv=E,-E;
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] —— — —_
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Fig. 1. Schematic representation of electron transition on absorp-
tion (a), spontaneous emission () and stimulated emission (c).
In the first case a radiation quantum whose energy /v is equal
to the energy difference Ez— Ei of the energy levels I and 2
causes an electron to move from the lower to the higher level. In
the two other cases the transition takes place in the other direc-
tion, accompanied by the emission of a quantum of energy
Es— Ei. In stimulated emission this results from the incidence
of a quantum of the same energy. In stimulated emission the
incident and emergent waves are in phase.

photons already present (c). In case (c) the emitted
photon is in the same state — in classical terms: it is
in phase with — the photon that caused the stimulated
emission. In this mechanism large numbers of atoms
can emit photons in phase and thus send out coherent
radiation; this is the laser effect. The stimulated emis-
sion will only exceed the absorption when the number
of the electrons in the excited state is greater than that
in the ground state (population inversion). In addition
the net surplus of stimulated emission must be ap-
preciably greater than the spontaneous emission, in
other words enough photons of a particular kind (light
waves) must be present to be able to cause sufficiently
strong stimulated emission. In most lasers this is
accomplished by fitting a set of mirrors that reflect the
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light waves produced by stimulated emission back to
the active laser medium, so that a standing wave is set
up between the mirrors (optical resonator). When one
of the mirrors is made partially transparent, some of
the radiation can pass through and a laser beam is
obtained.

Gas lasers, dye lasers, semiconductor lasers and
other solid-state lasers are all based on the above prin-
ciples. In semiconductors the electrons do not occupy
discrete levels, as in the foregoing example but energy
bands. In an insulator the valence band is completely
filled and the conduction band is completely empty.
In a semiconductor theré are a number of electrons in
the lower levels of the conduction band and a number
of holes in the upper levels of the valence band. These
numbers can be increased, and thus part of the required
population inversion can be achieved, by using a P-N
junction diode, forward-biased so that there is a flow
of current, instead of a homogeneous semiconductor.
On each side of the junction there are then both addi-
tional electrons and additional holes, and at a sufficient-
ly high current a state of population inversion arises.

The optical resonator is fairly easily produced in
semiconductor materials by making use of the fact
that crystals have preferred cleavage planes, which of
course are very accurately parallel. In the material that
we use, GaAs, the difference between its refractive
index and that of air produces a sufficiently large reflec-
tion, and therefore no mirrors are required.

The choice of GaAs as a semiconductor is due to the
fact that, unlike the more familiar semiconductors like
silicon and germanium, gallium arsenide is a ‘direct’
semiconductor. In a material of this type direct
recombination is possible between holes and electrons,
accompanied by the emission of a photon, which
implies a high probability of stimulated emission.

The injection laser with double heterojunction

The injection laser we have developed consists of a
number of epitaxially grown layers of the mixed crystal
AlzGai-zAs (0 < x < 1)' on a GaAs substrate. A
schematic illustration can be seen in fig. 2. The current
I passes successively through three layers of P-type
conduction and finally through a layer of N-type con-
duction. At the interface of layers 2 and I electrons are
injected into layer 2; this layer consists of pure GaAs
(x =0).

Fig. 3 shows a simplified energy-band diagram of the
system. The band gap E; in layers' I and 3 is greater
than that in layer 2. This is compensated between / and
2 by a step AF in the valence band and between 2 and
3 by an equally large step in the conduction band. The
magnitude of the step is about 1.4x eV. These steps
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form potential barriers for holes (between I and 2) and
electrons (between 2 and 3) which are injected into the
GaAs layer, from which they are no longer able to
escape. Recombination takes place accompanied by
the emission of radiation with a quantum energy of
about 1.4 eV, corresponding to a wavelength of 885 nm
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Fig. 2. Schematic representation of a GaAs laser with a double
heterojunction. The laser action takes place in a narrow zone in
the P-GaAs layer 2 (shaded area). The planes M are cleavage
planes of the crystal which act as mirrors. The radiation is
emitted in the z-direction. The laser action is brought about by
a direct current which is passed through the whole structure in
the x-direction. In production, the N-GaAs layer Sub acts as
the substrate on which the layers I to 4 are epitaxially deposited.
The thickness d of the active layer is only about 0.3 um; the
thickness of the other layers varies from 1 to 2 pm.
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Fig. 3. Energy-level diagram of the N-P-P dlode formed by the
layers I, 2 and 3 (rotated by 90° with respect to fig. 2). When a
current I flows in the direction indicated, electrons and holes are
injected into layer 2, and are prevented from escaping by the
presence of the step AE in the height of the appropriate band,
caused by the presence of a certain proportion of aluminium in
layer I and in layer 3 (AE ~ 1.4x eV). The aluminium also causes
a step An of magnitude 0.7x in the refractive index.

(11 K. Mouthaan, this issue, p. 178.

21 See for example R. N. Hall, G. E. Fenner, J. D. Kingsley,
T. J. Soltys and R. O. Carlson, Phys. Rev. Letters 9. 366,
1962.
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(i.e. the near infrared). To guarantee the trapping
effect of the potential barriers the step AE must be
large compared with the thermal energy kT of the
charge carriers, which means in practice that x must
be greater than 0.1.

“The concentration of charge carriers mn at which
inversion followed by amplification takes place in the
active GaAs layer is of the order of 1 to 2 X 1018 cm~2.
From this we can estimate the minimum current
density jin at which stimulated emission will occur in
any given laser. The concentration n¢n, the elementary
charge e, the current density jin, the lifetime 7 of an
electron for direct recombination and the thickness d
of the GaAs layer, which is filled almost homogene-
ously by the electrons and holes, are related by:

nne = jint/d. (la)
Since 7 is about 5 ns 131, it follows that
Jjinfd &~ 5 kKA/cm? pm. (1b)

The threshold current of a laser with ‘suitable’ dimen-
sions is 100 to 200 mA, the operating voltage 2 to 3 V.
In the laser illustrated in fig. 2 the light is not con-
fined in the x-direction between outer surfaces of the
crystal but between the interfaces of layer 2 and the
adjoining layers. Since the fraction x in these layers is
about 0.3, their refractive index differs from that of
layer 2 by about 0.2, the difference in refractive index
being about 0.7x. This results in such a large critical
angle for total internal reflection that a sufficiently
large part of the radiation remains within the active
zone 41, We shall return below to the consequences of
the fact that the thickness of the layer in which the light
is confined here is comparable with the wavelength of
the light. The laser is bounded in the y-direction by
making layers 3 and 4, except for a central strip, into
insulators by means of proton bombardment.

The injection laser as a waveguide; choice of parameters

A laser of the type outlined above may be regarded
as a dielectric waveguide. Assuming that the electro-
magnetic field is independent of the coordinate y (see
fig. 2), the Maxwell’s equations that describe this field
can be solved by a standard method [51. It is then found
that two types of field configuration (modes) can occur;
the dominant one being a mode with the electric field
vector in the plane of the junction and normal to the
direction of propagation. This is because the reflection
coefficient of the mirrors is greater for this mode than
for the other mode (6], In the direction normai‘to the
active layer the electromgghetic field has a cosine
distribution; outside the layer it decreases exponen-
tially. A simple quantity used for characterizing this
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mode is the half-width of the square of the electric
field-strength, to which the intensity is proportional.
Fig. 4 shows how this width depends on the thickness
d of the active layer for various values of the Al frac-
tion x. As can be seen, the curves have a minimum
whose depth increases with the value of x. If a large d
is chosen (as in the right-hand half of the figure) modes
of higher order can then occur at large values of x, i.e.
for large steps in the refractive index. The electro-
magnetic field then has more maxima. For practical
reasons these modes are often undesirable. If x is small,
the width of the field also increases considerably to the
left of the minimum. The confining effect of the wave-
guide is then lost and a decreasing part I of the total
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Fig. 4. The half-width w of the intensity distribution of the radia-
tion, in the direction perpendicular to the active layer (see fig. 2),
as a function of the thickness d of this layer for three values of the
aluminium fraction x in the adjacent layers (calculated).

power in the wave remains within the active layer. The
average amplification of the waves by stimulated emis-
sion in the active layer therefore decreases by the
factor I', with the result that the density of the injected
current has to be higher than the value of 54 kA/cm?
found earlier (d is in wm). This is illustrated in fig. 5,
where the threshold current.is plotted as a function of
d for a large number of diodes with x = 0.3. (Most of
these diodes were made from slices obtained by opti-
mizing the production process; see the next section.)

When the electromagnetic field in the laser is known,
it is possible to calculate the spatial intensity distribu-
tion of the emergent radiation (7). Unlike the situa-
tion in gas lasers, for example, where the exit aperture
is large compared with the wavelength and the exit
beam is accurately parallel, here the aperture of the
exit beam can be many tens of degrees; see fig. 6. The
fact that this quantity is also to some extent under
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control makes it easier to design the best laser for a
given type of glass fibre. :

The above theory applies equally of course to the
confinement of the electromagnetic field in the plane
of the active layer, i.e. in the y-direction. Here the
required step in the refractive index is brought about
by means of the proton bombardment mentioned
earlier, leading to a An of about 0.01. (As we noted,
the protons do not penetrate into the active layer itself.
The change in the refractive index is an effect connected
with the current distribution in the active layer.) Since
An is much smaller here than in the x-direction, the
width of the active strip in the y-direction can be
greater without modes of higher order occurring (see
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Fig. 5. Ratio of the density jin of the threshold current to the
thickness d of the active layer of a number of experimental lasers
(with x = 0.3 and a length of 300 um) as a function of d. Below
about 0.3 um this ratio increases sharply; above it ju/d is
approximately constant. The dashed line gives the approximate
theoretical value (5 kA/cm? pm).
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Fig. 6. The 509 aperture 0 of the exit laser beam (in the direc-
tion perpendicular to the active layer) as a function of ¢ for four
values of the relative aluminium’content x (calculated).

SEMICONDUCTOR LASERS : 193

fig. 4). We use a width of about 5 pm. Because of this
greater width the aperture of the beam in the y,z-plane
is much smaller than that in the x,z-plane.

Finally, a few words about the oscillation condition
that must be satisfied for the laser to operate, since this
condition reveals the length that has to be chosen and
indicates how a low drive current can be achieved. The
oscillation condition can immediately be written after
determining what happens to a wave leaving one of the
two mirrors; see fig. 7. A wave of intensity Ip grows
on its way to the other mirror by a factor exp (I'G — o)/
Here G is the gain in the active layer (per unit path-
length) — it depends linearly on the current density —
a is the attenuation of the wave caused by the presence

Ipexp (TG -o)!l

Fig. 7. Illustrating the condition under which a laser can operate
(oscillation condition). M7i,2 mirrors. L length of the laser. The
solid curve shows how a wave of intensity fo beginning at My
increases exponentially in intensity with the distance / travelled
to the other mirror. The oscillation is sustained only if the wave
reflected from My is at least of intensity fo. G gain and « at-
tenuation in the active layer per unit pathlength. I”is the fraction
of the total power in the wave transmitted through the active -
layer.

of free charge carriers, and / the distance travelled.
Upon arrival at the second mirror (/ = L) a certain
fraction of the radiation is transmitted and the remain-
ing fraction R is reflected. (For plane waves vertically
incident on the GaAs/air interface the value of R is
about 0.32.) For the oscillation to be self-sustaining the
reflected wave must in turn have at least the intensity
Iy, the oscillation condition then being

Rexp(l'G—a)L = 1. (2a)
This can also be written as:
1.1
I’G=oc+zln—. (2b)

The value Gy of G that meets these conditions corre-
sponds to the threshold current. As can be seen, Gy, -
decreases with the length of the laser. In itself this is

B8] -G. A. Acket, W. Nijman and H. 't Lam, J. appl. Phys. 45,
3033, 1974.

¥l The idea that steps in the refractive index can be used for
reducing the threshold current was put forward by G. Diemer
and B. Bolger of Philips Research Laboratories (Physica 29,
600, 1963). )

(51 W. W. Anderson, IEEE J. QE-1, 228, 1965.

61 M. J. Adams and M. Cross, Electronics Letters 7, 569, 1971.

71 P. J. de Waard, Electronics Letters 11, 11, 1975. ’
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by no means a surprising result, but the equation makes
it possible to determine the value of L above which
no significant improvement can be achieved; this value
is about 300 pm. - A

If the current through the laser exceeds the threshold
value, nearly all the additionally injected charge carriers
recombine by stimulated emission.. The efficiency #int
of this process, the ‘internal’ efficiency, is between 60
and 100 %,. The stimulated emission is divided between
the internal losses oL and the mirror losses In (R™1),
so that the external differential quantum efficiency #ext
per mirror is given by:

7ine (R

2 aL+In(R-1)’
Fig. 8 shows how the intensity of the exit light beam
varies with the current through the diode. Above the

threshold current the relation is practically linear, with
a slope coefficient Eg7jext.
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Fig. 8. Light-current characteristic of a laser. If the current is
higher than the threshold value /in for laser action, the emitted
power P increases much more rapidly with J than below this
value. Eg band gap. 5ext differential quantum efficiency per mirror
(see eq. 3).

- Apart from the power requirement (2) it is of course
also necessary to meet the optical requirement that L
must be equal to a whole number () of half-wave-
lengths (Fabry-Pérot):

mA/2n = L. C)]

It follows from the values of L, n and A given that this
number is about 2500. Since the wavelength region in
which laser action is possible has a certain width, there
are various wavelengths for which equation (4) is
satisfied with such a long laser, but one of these is
dominant if the current density is not unduly high.
‘These wavelengths lie about 0.3 nm apart.

Liilqiil-phase epitaxy of double-heterojunction lasers

The lasers we use are made by means of liquid-phase
epitaxy (LPE). In the LPE process a thin single-crystal
layer, often only a few pm thick, is deposited from the
liquid phase on to a carefully prepared single-crystal
substrate. The crystal structure of the substrate deter-
mines that of the epitaxial layer. A distinction is made
between homo-epitaxy, where the layer has the same
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chemical composition as the substrate (except for the
nature and concentration of the doping elements), and
hetero-epitaxy, where there is a distinct difference in
the compositions of the layer and the substrate. A
device like that of fig. 2 is therefore made by hetero-
epitaxy.

To illustrate the principle of LPE and our own work-
ing procedure we shall take the simplest case, i.e.
epitaxial growth of GaAs from a Ga-rich liquid phase
on a GaAs substrate. Fig. 9 shows a simplified phase
diagram of the binary III-V system Ga-As. The metallic
Ga melts at about 29 °C and As at about 818 °C. The
two elements form a compound, GaAs, which has a
very narrow existence region. The deviation from the
stoichiometric composition is very small: dy < 10-4.
The LPE now takes place from a liquid which is char-
acterized in fig. 9 by the point y1,71. A liquid of the
composition y1 can be considered as a solution of As
in Ga. At the temperature T the solution is in equilib-
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Fig. 9. Phase diagram of the gallium-arsenic system (schematic).
L liquid. S solid. The compound GaAs has only a very narrow
existence region (8y << 1079). The epitaxial deposition, starting
from the temperature T3 at which the substrate of GaAs and the
liquid (with composition yi1) are in equilibrium with one another,
takes place by reducing the temperature by a suitably small
amount to T2. The liquid then becomes supersaturated (¥ > y2)
and a layer of GaAs settles on the substrate.

rium with solid GaAs. If the temperature is reduced
to T2, the solution becomes supersaturated, because
the equilibrium_ concentration associated with T2 is
smaller than y;. What then happens depends on the
magnitude of Ts — Th. If this difference is 0.25 °C or
less, nothing will happen unless a slice of GaAs is
immersed in the liquid. A layer of GaAs then settles
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- thermal resistance. As explained above, the transition
from the P to the N region must be very abrupt (within
50 nm), which means that when the substrate is slid
along to the next compartment C; it must carry virtually
no liquid with it. The interfaces between the layers must
in addition be optically flat (no ridges). The surface of
the substrate must therefore closely coincide with a
low-index crystal plane. In our substrates this surface
coincides within 0.4° with a {001} plane. The disloca-
tion density in our substrate is lower than 5000 cm—2.

The ability to make long-life lasers is due not only
to the LPE equipment described in figs. 10 and 11 but
also to the good match between the crystal lattices of
GaAs and AlGaAs. Fig. 13 shows the temperature
dependence of the lattice constants of GaAs, AlAs and
Alg.3Gag.7As. It can be seen that the values are nearly
identical at the deposition temperature, an almost ideal
situation. At room temperature the greatest relative

0.56875nm
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0.56535
1 1 1 1 1
0 200 400 600 800  1000°C
T

Fig. 13. The lattice constants ag of GaAs, AlAs and Alp.3Gao,7As
as a function of temperature. In the temperature region in which
the epitaxial deposition takes place they are almost identical, at
room temperature the relative temperature difference is no more
than 0.14 %. It is partly because of these very favourable circum-
stances that long-life continuous-wave GaAs lasers can be made.

difference is about 1.4 X 10-3, This difference is so small
that it can be taken up by elastic deformation in layers
of the thickness found here, without the appearance of
any dislocations. The, elastic stress thus produced is
about 3000 N/cm2. Care needs to be taken, however,
that the stress caused by mounting does not make the
total stress so high that there is plastic deformation.

The mismatch between the lattice constants of other (ternary
or quaternary) III-V compounds that might be suitable as laser
materials — e.g. Gai—zIngzAsi—yPy or Gai-zAlzAs1—,Sby — is a
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serious obstacle to the production of long-life continuous-wave
lasers with such materials. They can be used for making lasers
with wavelengths of 0.7-1.7 um. Those with a wavelength of
about 1.1 pm would be very attractive for optical communica-
tion {101,

The doping elements used for making N-and P-type
material are usually tin (for N) and germanium (for P).
These elements are not highly volatile at 800 °C and
diffuse extremely slowly within the solid. They are.
therefore particularly suitable for making the very
steep P-N junctions required. Another practical advan-
tage is that in the Ga/GaAs system the segregation
coefficient for very many elements is of the order of
only 10-3, so that minor contamination of the solution
does not have any noticeably adverse effects on the
purity of the deposited layer.

Apart from random deviations, the initial tempera-
ture of the furnace will not in practice always corre-
spond exactly to the mass ratio of the chemicals at the
beginning, either because of a deviation in the thermo-
electric potential of the thermoelements that control
the furnace temperature, for example, or because of
small weighing errors. Since the deposited layer must
be no more than a few pm thick, a temperature devia-
tion of a few tenths of a degree in a fixed growth time
is enough to cause a relatively marked difference in
thickness.

To get around this difficuity the liquid, prior to the
deposition on the laser substrate, ‘is left in contact for
some time with another substrate of the same com-
position 113, If there is any discrepancy between com-
position and temperature, some material will settle or
go into solution, depending on the sign of the devia-
tion, until a perfect match is achieved. The laser sub-
strate is thus brought into contact with the liquid. With
this ‘source-seed technique’, as it is called, the spread
in the thickness of the active layer can be limited to
0.1 wm. Fig. 14 shows a photomicrograph of a cleavage
plane, perpendicular to the four layers.

Peltier LPE

Besides the method of liquid-phase epitaxy described
above, it is interesting to consider a deposition method
in which the furnace is kept at a constant temperature
— and hence also the liquid and the substrate. In this
method a direct current is passed through the liquid-
substrate interface, where it causes cooling due to the
Peltier effect. The cooling brings about the deposition
on the substrate. This method has previously been
tried with InSb, GaAs and AlGaAs![12-15], The
experiments with AlGaAs.showed that very homd gene-
ous layers of Al;Ga;—zAs can be made in this way (the
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Fabrication of laser diodes

Lasers for optical communication must not be
larger than about 300 pm (length) by about 5 pm
(width) in the plane of the P-N junction. Since pieces
of material as small as this would be extremely difficult
to handle, we work with ‘dices’ measuring 300 X 300 pm.

Plum
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with metal, doping of 1018 at/cm3 is sufficient. On the
other side, where a stripe of only 5 um is conductive,
stricter measures need to be taken. Not only is the Ge
doping twice as strong here, but the acceptor concen-
tration is also increased (up to 1019 cm—3) by dlffusmg
zinc atoms into the layer at 600 °C.
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Fig. 16. The composition of the epitaxial layers is determined by measuring the photolumines-
cence spectrum upon excitation with a HeNe laser beam sharply focused on a number of
positions on a cleavage plane. The positions, measured from the surface of the upper layer, are
indicated beside the spectra. The luminescence peaks are indicated by the symbol of the layer
to which they correspond (see fig. 2). The band gap of the appropriate layer is derived from
the positions of the peak; this is a measure of the aluminium content.

Two strips of nearly 150 um as seen in the transverse
direction are made non-conducting by bombarding
them with protons of the appropriate energy [16]; a
‘stripe’ of 5 pm between them is left intact by protecting
it with a gold layer. Care is of course taken to ensure
that this stripe is perpendicular to the cleavage planes
that must act as reflectors. :

The electrical ‘contacts have to provide not only for
the passage of the electric current but also for heat
conduction, i.e. for the removal of most of the energy
supplied. To obtain a virtually resistance-free transition
from the metal electrodes to the GaAs to prevent heat
generation in the contacts, the top or ‘capping’ layer
and the substrate are both heavily doped. Since the
whole substrate is conductive and completely covered

To ensure the maximum heat conduction the con-
tacts are made of gold and the laser is soldered to a
copper block with the epitaxial layers against the block;
in this way the block is closest to the place where the
heat is generated, and the resistance between the heat
source and the environment is kept sufficiently low to
make continuous laser operation possible. An.addi-
tional advantage of gold as a contact material is that
it can be made fairly soft by heat treatment, so that the
difference in the coefficients of expansion of contact
material and GaAs does not cause unduly high mechan-
ical stresses in the laser, Indium, another soft material,
is used for soldering the laser to the copper block.
Fig. 17 shows a scanning-electron photomicrograph of
a laser mounted in the manner described.
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It will sometimes only be possible to satisfy the
requirements that the laser should oscillate in a single
mode by making the injection current lower than would
be permissible in view of the lifetime of the mirrors 11,
We have succeeded in raising this limit by transmitting
a portion of the laser beam back into the active zone
with the aid of a tiny mirror; see fig. 6. This causes the
laser to oscillate in the desired mode even with
high injection currents ). To ensure correct posi-
tioning of this mirror it is made semi-transparent
and applied to the end face of the core of a single-
mode fibre. (It is correctly positioned when the
luminous flux through the fibre is greatest.) The light
entering the core of this fibre via the semi-transparent
mirror is, of course, very weak and is therefore not
taken to the transmission system for use as a communi-
cation signal; it can be used as an auxiliary signal for
control of the laser bias current as mentioned earlier.
The signal to be transmitted is obtained by coupling a

61 G. D. Khoe, Power coupling from junction lasers into single
mode optical fibres, IEE Conf. Publn. 132 (Ist Eur. Conf. -
on Optical fibre communication, London 1975), pp. 114-116.

LIGHT MODULATION AND INJECTION
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second (single-mode) fibre to the other reflecting side
of the laser. This fibre is flattened at its end so that the
local cross-section of the core there is approximately
elliptical, with the major axis in the central plane of the
active layer. A semi-ellipsoidal lens is fitted to the end
face of the core. These measures have the effect of
matching the laser aperture and the geometry of the
fibre better to each other; the coupling efficiency is
improved in this way by a factor of about three.

Summary. A GaAs laser with a double heterojunction can be
modulated directly by variation of the injection current. A supply
circuit has been devised to deliver a bias current that remains
equal to the threshold current independently of temperature. This
arrangement greatly reduces the initial delay and keeps the in-
tensity of the light pulses constant (modulation rate up to
500 Mbit/s). A universal coupling mechanism (tolerances about
0.2 um) allows the relative positions of layer and fibre to be
adjusted to give maximum power transfer. In addition to the
signal fibre, it is also possible to couple an auxiliary fibre for
control of the bias current. A spherical lens can be used with
multimode fibres. In single-mode fibres a semi-ellipsoidal lens on
the flattened core of the signal fibre increases the coupling
efficiency by a factor of 3; a small mirror on the core of the auxil-
iary fibre increases the range of injection-current values with high
coupling efficiency.
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“The avalanche photodiode

L. J. M. Bollen, J. J. Goedbloed and E. T; J. M. Smeets

Introduction

If semi¢onductor photodetectors now available are
considered in terms of their usefulness in an optical
communication system, the most promising seems to
be the avalanche photodiode. In this article we shall
consider a number of device-appraisal criteria and see
what consequences they have for the manufacture of
avalanche photodiodes.

When'"a voltage is applied across a semiconductor
diode in the reverse direction, an electric field of
strength F is generatéd in a region around the P-N
junction, since the free charge carriers are drawn away
from the junction by the applied voltage. The field
gradient dE/dx can be derived from the local doping
concentration ng by using Poisson’s equation:

— =", M

where e is the elementary charge and ¢ the absolute
dielectric constant of the semiconductor material. For
a given doping profile the strength of the field and the
thickness of the depletion layer can be varied within
certain limits by varying the applied voltage; see fig. 1.

When a window transparent to the radiation to be
detected is made in one of the diode contacts, the radia-
tion is able to penetrate into the diode material. A
radiation quantum (photon) that has an energy greater
than the energy gap between valence band and conduc-
tion band of the semiconductor material can then be
absorbed, resulting in the generation of an electron-
hole pair. In the depletion layer the electric field sep-
arates the electron-hole pair (electrons go to the N
region, holes to the P region), and this has the result
that a current, the photocurrent, starts to flow in the
circuit in which the diode is incorporated.

The situation so far described is what is found in a
‘normal’ semiconductor photodiode. The avalanche
photodiode makes use of the fact that the free charge
carriers are accelerated in the electric field and thereby
gain kinetic energy. They may gain so much energy that
they can ionize lattice atoms with which they collide,
giving rise to new electron-hole pairs. In their turn the
electrons and holes of these pairs can be accelerated and

Ir L. J. M. Bollen, Dr J. J. Goedbloed and Ir E. T. J. M. Smeets
are with Philips Research Laboratories, Eindhoven.

cause ionization by collision, with the result that a
single incoming photon can give rise to an avalanche
of electrons and holes. In this case the photocurrent
in the external circuit is greater than in the ordinary
photodiode described above. The avalanche photo-
diode is thus a photodiode with internal amplification
(multiplication), and may therefore be regarded as a
solid-state analogue of the photomultiplier tube.

v ° o

—_— X

Fig. 1. The field-strength £ in an N+-P-P+ diode as a function of
the depth x below the diode surface for increasing values Vi1, Ve
and V3 of the reverse voltage across the diode.

The main factors that determine the usefulness of
a detector in an optical communication system are the
following:
— The quantum efficiency, which indicates the pro-
portion of incoming photons detected as a current
(without multiplication).
— The response time z, which determines the maxi-
mum modulation frequency of the light for good
detection.
— The multiplication factor M of a detector with
internal amplification.
— The noise characteristics of the detector.
— Various practical requirements, such as a not un-
duly high voltage and the avoidance of unwanted side
effects.

Some numerical values of M and 7 for a number of
semiconductor photodetectors are given in Table I.

We shall now consider the consequences of the vari-
ous factors above for the case of an avalanche photo-
diode, with silicon as the semiconductor material.
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Table I. Values of the internal multiplication M and the response
time 7 for a number of semiconductor radiation detectors.

Detector M T
Photoconductor 105 1035
P-N diode 1 10-11
P-I-N diode 1 10-10
Phototransistor 102 10-8
Avalanche photodiode 108 10-9
Field-effect transistor 102 10-7

Quantum efficiency

The quantum efficiency is determined primarily by

the absorption coefficient of the detection radiation -

and by the length of the light path in the sensitive part
of the diode. The radiation intensity decreases exponen-
tially along this path. The radiation originating from
the GaAs semiconductor laser has a wavelength of
0.9 pm. Consequently the energy of the photons is only
slightly greater than the band gap in silicon (1.1 eV)
and the absorption is low. For radiation of 0.9 um the
absorption coefficient in silicon is about 400 cm-%,
which means that the intensity has decreased to 1/e of
the initial value over a distance of 25 um. The fraction
of the incoming radiation that is absorbed in the deple-
tion layer is detected in any case, and there is still some
detection in zones bordering on the depletion layer.
Some of the electrons generated in the P region outside
the depletion layer are able to reach the depletion
region by diffusion and are then detected, and the same
applies to some of the holes from the N+ region.

To achieve a good quantum efficiency it is therefore
desirable to have an active detection region of length
about 25 pm in the diode.

Speed of response

Important factors that determine the speed of re-
sponse are:

— The finite speed of the multiplication process (the
charge carriers must pass through a field of a certain
strength before they acquire sufficient energy to cause
ionization).

— The time that charge carriers generated outside the
depletion layer require to reach the depletion region
by diffusion.

— The time a charge carrier requlres for crossing the
depletlon layer . .

The first factor can be ehmmated in practlce by
making -the multiplication zone small and the field-
strengths in it very high. Next, since: ‘the _diffusion
always takes place relatively. slowly, we must make the
dioderin; ‘such a way that the contrlbutlonmade by the
dlﬂ‘usmg charge carriers (° talhng) to the’ photocurrent
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is negligible. Finally, if we look at the drift-velocity
characteristic of the charge carriers as a function of the
electric field-strength we see that at field-strengths
greater than about 40 kV/cm in silicon there is no
further increase in the drift velocity, which reaches a
saturation value of about 107 cm/s.

The requirements imposed on quantum efficiency
and response time, taken together, result in an even
stricter requirement: the diode must have a depletion
region about 25 pm long, the part in which the high
field-strengths occur must be relatively small, and the
field-strength throughout the depletion region must be
greater than 40 kV/cm. The time required for crossing
the depletion region is then 0.25 ns, which is short

~enough for optical communication purposes. There

must be no tailing effect due to diffusion of charge car-
riers from outside the depletion region.

Noise characteristics

The generation of electron-hole pairs by the absorp-
tion of photons, like the subsequent internal ampli-
fication by the multiplication of charge carriers, is a
statistical process. It is therefore not surprising that
noise plays an important role in the avalanche photo-
diode. Nevertheless, when the signal-to-noise ratio is
considered, this detector comes out well when the other
requirements are taken into account. From studies of
the noise behaviour of the avalanche photodiode it
follows that the o/f ratio, where « is the ionization
coefficient of the electrons and f that of the holes, is of
essential importance. In silicon it varies from about 10
at a field-strength of about 350 kV/cm to 3 at 500 kV/cm
(these are common field-strengths in the multiplication
region). The fact that « and g are quite different means
that given an otherwise identical distribution of the
electrical field in the diode, a better signal-to-noise
ratio is found when the charge carriers arriving in the
multiplication region are mainly electrons than when
the holes are in the majority [1). This has the result that
a new requirement has to be added to those mentioned
at the end of the previous section: the part of the deple-
tion region that does not belong to the multiplication
region should be situated on only one side of that

- region and be made of P-type material.

The noise power in a diode of this kind is propor-
tional to M2(2 + kM), where M is the multiplication
by the avalanche process and k is a figure of merit for
the diode that depends on the ratio «/f (21, The pro-
portionality only applies if £ < 1 and M > 1, condi-

tios that are usually fulfilled in practice.In the total

2M? +- kM3, half of the term 2M 2 is due to multiplied
shot noise during detection, and the other half to shot
noise’ during unilateral multiplication (multiplication
involving charge carriers of one kind only). The term
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The mesa diode

Fig. 4 shows the cross-section of a mesa diode. This
device was made by etching slightly cone-shaped discs
from a silicon wafer with the desired doping profile.
The substrate used for making the epitaxial layers was
previously etched away down to a thickness of about
5 pm and metal contacts were applied to the front and
the back. The mesa is given its conical shape by etching
with an etchant that attacks the silicon but not the
contacts. The effect of this shape is that when the volt-
age is applied to the diode the depletion layer will
extend further at the circumference of the diode than
in the middle.

This can be understood as follows. It follows from (1) that in
the central part of the diode the distances over which the deple-
tion layer extends on either side of the P-N junction must be
inversely proportional to the doping concentrations in the P and
N regions. Toward the P-N junction the field-strength on both
sides must increase to the maximum value. If 2 and b are the
distances over which the depletion layer extends on both sides,
then aNy = bNz (fig. 5). Since along the edge there is no material
at one side of the P-N junction to provide for this charge neutral-
ity, because of the conical shape, the absence of material there
must be compensated by a greater extension of the depletion layer
on that side.

pzzzzzza

+

TV =2

Fig.4. Cross-section of an N +-P-zz-P+ mesa diode. The dashed line
indicates the boundary of the depletion region in the st layer. The
curvature of this boundary at the edge of the diode (greatly exag-
gerated here) is due to the conical shape of the mesa. M metal-
lization layers.

— X

Fig. 5. Field distribution in an N*-P diode. For the field gradients
oneitherside of the junction the relations: tan ¢« = d E1/dx = Nie/e
and tan f = dEz/dx = Nge/e must apply. This means that
aN1 = bNz for the distances a and b over which the depletion
layer extends on both sides of the junction..
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Because of the greater length thus available along
the edge of the diode for accommodating the same
total voltage, the field-strength along the edge will not
be so high as in the centre of the diode. This reduces
the risk of breakdown along the edge. It is necessary,
however, to protect the edges from the effects of water
and ions in the atmosphere. The 7z layer in particular,
which is very weakly doped, can easily acquire an
N-type skin by adsorption of impurities, giving rise to
conducting channels. The edge must therefore be pro-
tected by a ‘passivating’ layer.

The passivation of a mesa diode does not always
offer sufficient long-term protection from the forma-
tion of N-type channels over the surface of the 7 region,
so that in time the leakage currents may increase. In
this respect the use of planar techniques offers better
prospects.

Planar diodes

The semiplanar diode

The same material from which the mesa diodes are
made, i.e. epitaxjal 7w and P layers on a dislocation-free
P+ substrate, can also be used for etching out a planar
diode structure ( fig. 6). The N+ layer is again made by
ion implantation. The critical region of the diode, where
surface breakdowns might occur, is now located at the
front, where protection can be applied more easily and
more reproducibly than on the mesa diode.

To prevent the extension of conducting channels,
which here again may grow across the surface from the
N+ region, a ring of P-type material around the actual
diode is left untouched by the etching process.

At the edge of the thin N+ region the field-strength
can become so high that premature breakdown may
occur here (fig. 7). To avoid such high field-strengths
a film of slightly conducting material can be applied.
This prevents breakdowns at the edge, but the leakage
currents increase to an impermissibly high level. An
acceptable solution for this problem is difficult to find.

The planar diode

If we start from material consisting of an epitaxial z
layer on a P+ substrate, a diode of the cross-section
illustrated in fig. 8 can be made by purely planar tech-
niques. The N+ layer is surrounded here by a relatively
thick guard ring with the same type of doping, so that
the outer edge of the N+ region is rounded and high
local field-strengths are avoided. In addition the =
surface is covered with a silicon-dioxide layer to reduce
leakage currents. Here again a ring of P material is
applied to stop conducting channels. In this construc-
tion both the N+ layer and P layer are made by
implantation in the final stages of the process. This
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Characterizing optical fibres; a test bench for pulse dispersion

«

J.-P. Hazan and L. Jacomme

The extent to which glass fibres can be considered
useful as optical waveguides can mainly be derived
from a study of their pulse dispersion (1. A short-
duration light pulse propagating in a fibre is subject to
a continuous distortion: the amplitude decreases and
the ‘width’ (the duration of the pulse) increases ( fig. I).
This pulse-broadening or time dispersion is of great
importance, since the inverse of the pulse width at the
output determines the number of bits of information
the fibre can transfer per second: the greater the pulse
width the smaller the maximum information rate.

The various kinds of optical fibres and the total dis-
persion arising in them have already been discussed in
the first article of this issue. All that we need do here is
to state that in the multimode fibres the most important
contributions to the total dispersion are those of the
intermodal dispersion and the material dispersion.

The intermodal dispersion — which will receive
most attention in this article —‘is caused by the dif-
ference in the propagation times for the various modes.
This form of dispersion is strongly dependent on the
way in which the light is injected and also on the ‘index
profile’, i.e. the variation of the refractive index in the
radial direction in the core of the fibre. Index profiles
can be found for which the intermodal dispersion has
a minimum; the exact shape of these profiles depends
on the wavelength.

The material dispersion arises because the refractive
index of the core material in the fibre depends on the
wavelength; this dispersion is proportional to AZ, the
spectral width of the light to be guided by the fibre —
provided this width is not too great [2]. It can be seen
from the above that a considerable number of variables
have to be taken into account in determining the dis-
persion. To investigate the behaviour of an optical
fibre in detail it is therefore necessary to have extensive
and versatile test equipment available. On the other
hand, the measured results cannot be interpreted —
and the fibre under test cannot be properly character-
ized — without the aid of a good theory.

In this article we shall describe a versatile test bench
that we have designed ourselves. The measurement
procedure will be clarified with the help of a detailed

Dr J.-P. Hazan and Dr L. Jacomme are with Laboratoires d’ Elec-
tronique et de Physique Appliquée, Limeil-Brévannes (Val-de-
Marne), France.
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Fig. 1. The short light pulse to.the left is the mput signal for a
multimode fibre with a length 01900 m. The light is injected as a
parallel beam. The output signal is shown on the right. The
vertical scale shows the amplitude A in arbitrary units, and the
horizontal scale shows the time;¢; 500 ps per division. It can be
seen that the pulse becomes wider ag'it travels through the fibre
(‘time dispersion’) and that the amplitude decreases. The two
signals were observed on a 5 GHz sampling oscilloscope.

discussion of a practical case. The various problems
that occur in the evaluation of an optical fibre will arise
naturally in the course of this discussion.

Fig. 2 is a diagram of the test bench. This is intended
for the testing of multimode fibres; if it should be
necessary to adapt the bench for single-mode fibres,
which could well be of importance in the near future,
this would present few difficulties. The bench is built
up from components that can in fact be considered to
be modular; the light source can be an argon laser or
a YAG laser, both with a mode-locked output signal
so that the pulses are typically 200 ps FWHM, or a
GaAs/Al;Ga;—;As laser or a fast light-emitting diode.
The bench also includes a kinematic mount with micro-
meter adjustment for accurately setting up the light-
injection conditions for the fibre. The pulses travel
along the fibre and eventually reach the detection and
display units. These include a light detector, usually a
photodiode of the avalanche type [3] (alternatives are
a P-I-N photodiode and the 70-ps detector developed
at LEP [4]), connected to a sampling oscilloscope or a

[11 See for example K. Mouthaan, this issue, p. 178.

21 D. Gloge, Appl. Optics 10, 2442, 1971.

[31 K. Mouthaan and R. M. Snoeren, Electronics Lett. 10, 118,
1974.

(4] J.-P. Hazan, J. Haisma, G. Marie and J. Nussli, IEEE J.
QE-6, 744, 1970.
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material had an almost constant value to a radius of
about 8 um; beyond this value the refractive index
decreased, arriving eventually at the value for the
cladding material.

The first measurements were made with parallel-
beam injection giving full illumination of the core.
Fig. 6 is a representation of the observed pulse response
of the fibre. The signal includes two peaks; the arrival
time of one of them was found to vary with the direc-
tion of incidence, whereas the other hardly moved at
all — at any rate up to angles of incidence of about 10°.
This stationary peak was delayed by about 1.5 ns, if the
movable peak at 0° was taken as a time reference. At
9 to 10° the two peaks begin to merge, and at even
larger angles a small shift in timing can be observed.

Sogensese®

»1 ;l
|

3bpum

Fig.5. A concentration profile for the dopant in the core of an
experimental fibre. The core diameter is 34 wm. The vertical scale
represents the doping concentration, measured with an electron
microprobe. This profile gives a fair representation of the radial
dependence of the refractive index in the core material.

500ps

1—

P Q

Fig. 6. An example of the pulse response of an experimental
multimode fibre (length 150 m, core diameter 30-34 pm), at six
different values of the angle of incidence. The light is injected as
a parallel beam. The output signal was measured with the
sampling oscilloscope (fig. 2). The angle of incidence of the input
signal, obliquely incident parallel light, was varied by means of
the kinematic mount. Peak P moves as the angle of incidence
increases, whereas peak Q shows hardly any displacement for
angles up to 9° to 10°.

.__>t
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The tests on the fibre were completed by a number of
measurements using the soft-focus method. These
results indicate that the moving peak in the signal
originates from light that enters the central part of the
fibre core — where the refractive index is almost
independent of the radius — and also that the sta-
tionary peak is mainly due to light injected at the
periphery, in the region where the refractive index has
a marked radial gradient (6],

When the investigation referred to above was made,
pulse behaviour of this type in fibres had rarely been
described, and it was therefore important to find a
satisfactory theoretical description.

The theoretical approach that we have developed is
a geometrical-optical method based on an analogy with
classical mechanics [81. Its advantage compared with
the conventional theory — which is based on a modal
description, derived from the electromagnetic wave
equation — is that the new theory takes the injection
conditions into account and can follow the different
rays along the fibre. Every light ray in the core has two
characteristic ‘constants of motion’, comparable to the
mechanical quantities of energy and angular momen-
tum for a particle moving in a given path. The output
pulse can be determined if the propagation times are
computed for a sufficiently large number of rays. The
theory can also take account of the ‘leaky’ rays pres-
ent, by the use of suitable attenuation coefficients.
Fig. 7 shows the calculated output signals. The most
important result is that the new theory does indeed
confirm the presence of two peaks that behave like
those found experimentally. Obviously the shape as-
sumed for the input signal is an idealized one, where
by ‘idealized” we mean that the time dependence is
assumed to have the form of a delta function and that
the light source itself is purely monochromatic. The
stationary peak is found to appear 1.65 ns later than
the movable one (at incidence angle 0°); this is in
reasonable agreement with the experimental value of
about 1.5 ns. The results of the calculations depend
strongly on the assumed radial dependence of the
refractive index. In the calculations for our example we
have used a profile with a flat top for half the total
width and a gradual slope at the edges (fig. 7). The
expression used for the curve for the edges contains a
term to the power three as the highest power of the
radial coordinate.

Actual index profiles frequently have a rather complex shape
and accurate measurements are difficult. This is why it is none
too easy to establish a realistic numerical expression for the
profiles in the theoretical analysis. ' '

8 L. Jacomme, Optics Comm. 14, 134, 1975, and Appl. Optics
14, 2578, 1975. o
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Fig. 7. a) The output signal of the fibre, calculated from a new theory, based on a geometrical-
optical method [8l, The angle of incidence acts as the parameter. It is assumed that the input
pulses are delta functions and that the light source is monochromatic. b) Curve I, the radial
dependence of the refractive index in the core of the fibre; this profile has been used in the
calculation of the output signal (a). Curve /1, linear profile used in investigating the sensitivity
of the results to small variations in the parameters.

Fig. 8 shows the calculated pulse response when the
theoretical behaviour of the fibre, as expressed in fig. 7,
is convoluted with a realistic input signal. The con-
volution has been carried out by the processor of the
DPO. Comparison of figs. 6 and 8 shows general
agreement between measured and calculated pulses;
this indicates that the effects involved here can be
explained fairly well by our theory. However, detailed
comparison still reveals some slight discrepancies, such

as a small displacement of the stationary peak. Such a
displacement can be attributed to an error, which
could be quite small, in the choice of one of the param-
eters for the refractive index.

An investigation is still under way at present to find
out the extent to which the results are sensitive to small
changes in the parameters. If for example the assumed
index profile is changed slightly, so that the linear
curve IT of fig. 7 applies, calculations show a pulse

Fig. 8. The output pulses ob-
tained by convoluting the pulses
of fig. 7a with realistic input
signals; a digital-processing os-
cilloscope was used for the con-
volution. The observed exper-

imental pulse shapes (fig. 6)
correspond fairly well with the
ones shown here.
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response that still has the double peak, but with the
stationary peak about 0.5 ns too early. Another result
is that a decrease in the ratio of the flat top to the total
width by 69, makes the stationary peak earlier by
about 0.16 ns; this corresponds to 109, of the meas-
ured time difference between the peaks. Data such as
these are of value in deciding the kind of accuracy that
is necessary for a reliable comparison of theory and
experiment.

In conclusion we should like to emphasize that
because of the various parameters involved the pulse-
propagation effects in optical fibres can become rather
complex. Their detailed understanding requires ver-
satile equipment and a good theoretical insight in per-
forming the necessary experiments. Investigations of

DISPERSION MEASUREMENTS
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this kind will be of value in finalizing the design and
setting up the production of optical fibres with large
bit-rate capacity.

Summary. A test bench for determining the propagation charac-
teristics of signals in an optical fibre is described. The equipment
includes a fast light-pulse source, optical components and an
adjustable kinematic mount for the introduction of the light, and
also fast display and processing equipment (resolution about
0.1 ns). The system consists of modules and it is very easy to
adapt it by altering or changing components. The potential that
it offers is illustrated by a discussion of a case in which the pulse
propagation takes place in a multimode fibre whose refractive-
index profile clearly deviates from the ‘stepped’ profile. The use
of various methods of light injection allows a detailed under-
standing of the shape of the output signal to be obtained. A
geometrical-optical theory, based on an analogy with classical
mechanics, predicts pulse shapes that correspond well with the
experimental results.
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The heat of formation of alloys

A.R. Miedema

Some years ago Philips Technical Review published an article on the alloying behaviour
of metals, in which qualitative rules were given. These studies have continued, and have
now advanced far enough for the author to be able to give a semi-quantitative description
of the known data relating to the energy effects in alloying, at any rate for binary alloys
of liquid metals or solid alloys with at least one transition metal. This means that, with
the exception of a relatively small group of solid alloys of two non-transition metals, the
heat of formation can now be predicted with an accuracy comparable to that of the cur-
rent experimental methods of measurement. In this article the author explains how the
step ‘from qualitative to quantitative’ is made, and gives many examples to show that
knowledge of the heat of formation of alloys can be a great help to the metallurgist in

solving a wide variety of practical problems.

Introduction

In chemistry three major branches can be distin-
guished: organic chemistry, inorganic chemistry and
the chemistry of metals. The last of the three has
received relatively little attention, especially in educa-
tion; it can in fact be said to have been somewhat neg-
lected. Many readers may therefore find it rather sur-
prising to learn that it makes sense to draw a sharp
dividing line between the chemistry of metals and
inorganic chemistry. Very roughly, inorganic chemistry
may be defined as the chemistry of compounds in which
at least one of the elements comes from the halogen
family or the oxygen group. This definition clearly
excludes a large number of combinations of elements,
which, as can be seen from the periodic system sketched
in fig. 1, are mainly combinations of two metals.

The special nature of combinations of metals ap-
pears from the following example. In inorganic chem-
istry the proportions in which two elements will form a
compound can be predicted fairly easily. Thus, Na and

" Cl will of course form the compounds NaCl; Al and O
combine to form the compound Al2O3. The essential
simplicity of this is related to the generally accepted

Dr A. R. Miedema is with Philips Research Laboratories, Eind-
hoven.

'

concept of the ‘valency of chemical elements’. We
know that in compounds Na is preferentially mono-
valent, Al is trivalent, Cl is monovalent negative and
O divalent. For the formation of compounds from two
metallic elements, on the other hand, the valency
concept is no longer relevant (1), Thus, from the el-
ements La and Ni five compounds [2] may be formed,
LaNis, LagNiz, LaNis, LaNiz and LagNis, in which the
numerical ratios may be regarded as arbitrary.

The problem of which compounds will be formed
and the crystal structures they will have is therefore an
intractable one. For a given combination of two metals
it is however possible to state definitely whether com-
pounds will be formed or not, how many there will be,
and in particular to say something definite about the
energy effect that occurs on the formation of a com-
pound from the pure elements. _

The heat of formation or heat of reaction is of course
of central importance in all chemistry and not just in
the chemistry of metals. In the limited case of the
halides or chalcogenides (the oxygen group) the heat of

11 An introduction to the subject of intermetallic compounds is
given in J. H. N. van Vucht, Philips tech. Rev. 36, 136, 1976.

(21 K. H. J. Buschow and H. H. van Mal, J. less-common Met.
29, 203, 1972.
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formation is a well known quantity for many of the
possible compounds. This is certainly not true for inter-
metallic compounds; although a great deal of exper-
imental data has been collected [3], taken together all
these data only relate to a small fraction of the number
of possible compounds. There are no experimental data
at all for the heats of formation and the heats of mixing
for more than 90 % of the combinations of two metals,
particularly those of transition metals.

In this article [4] the intention is to make it clear that,
although there are often no experimental data, it is still
generally possible to give a reasonably accurate predic-

Li

Na
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heats of formation of all 1:1 compounds of the
transition metals.

It has meanwhile been found from experience that
a table of heats of formation can be a useful aid to
metallurgists. The various examples discussed below
will demonstrate this. A remarkable result of the inves-
tigation is that certain metals exhibit a behaviour that
is different from what would be expected from ‘chem-
ical intuition’: in this field the familiar inorganic chem-
ical analogies in the behaviour of elements are some-
times found not to apply. Some typical examples will
be discussed.

He

Be | Bl c | N| o]| FI|ne

Mg | AL | Si P S Cl | Ar

Rb | Sr Y zZr Nb | Mo Tc Ru | Rh

Cs | Ba La | Hf | Ta w Re Os Ir

Fr Rq Ac

Ni Cu Zn Ga Ge | As Se | Br Kr

Pd| Ag| Cd| In| Sn| Sb| e | I | X

Pt | Au| Hg | Tl Pb| B | Po| At | Rn

Ce Pr Nd

Th | Pa U Np | Pu

Am| Cm | Bk Ccf

Pl Sm| Eu| Gd | 0 | Dy | Ho| & | | vo | Lu

Es | Fm| Md | No Lw

Fig. 1. The elements arranged in accordance with the periodic system. Black: metals. White:
non-metals, which, even in combination with metallic elements, do not usually yield metallic

compounds. Hatched: borderline cases.

tion of the heats of the formation of intermetallic
compounds and also of quantities such as the heats of
solution of metals in liquid metals. These predictions
are based on an atomic model for alloys that has been
discussed earlier in this journal 51, Since then a number
of refinements have been incorporated in the model, as
a result of which, in addition to the more qualitative
conclusions as to whether or not two metals will form
alloys, a quantitative description of the heat of forma-
tion can now be given.

The model and the changes in it since 1973 are
described in the next section. To illustrate the results
achieved a table is given that presents the predicted

Model for energy effects in alloying; from qualitative to
quantitative

The theory of the energy effect that occurs upon the
fusion of two metals A and B is based as before on the
model illustrated in fig. 2. An alloy — shown here with
ordered A and B sites, i.e. an intermetallic compound
AB — is constructed by taking the atomic cells from
the pure metals A and B and placing them with un-
changed charge-density distribution in the alloy. )
Although this changes the shape of the B cells some-
what — otherwise it would not be possible to fill up the
whole space — the resultant energy effect is negligible
as long as the atomic volume remains the same.
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What then remain are contributions'to the alloying
heats that are related to the fact that the charge distri-
bution does change slightly, i.e. at the interface of the
A and B atoms. In the first place there is the effect of
the difference in chemical potential for electrons, @%*,
which existed for the pure metals A and B (contact-
potential difference). This difference, which in fact
means that electrons have a preference for one of the
two metals, leads to a displacement of electrons to
places with a more negative potential, and thus to a
lowering of the energy of the alloy. This effect, which is
always negative and determined by the difference in the

B |88 AlA]AlA

Alalala

B8 |8 | * [Aalala

21 5l5 AlAlalA
a

Fig. 2. Atoms in metals (@) and alloys (b). The alloy AB is con-
sidered to be composed of atomic cells that resemble those of
the pure metals A and B. In the equalization of the electron
chemical potential, electrons are transferred so that the volume
of the B atoms increases and that of the A atoms decreases (c);
the transfer here is from B to A.

chemical potentials ADQ* = @,* — dg*, can be ap-
proximated by the first term of a series expansion in
A®*, This is —Pe(A D*)2, where P is an empirical
constant of dimension V-1 and e is the elementary
charge.

A second contribution to the heat of formation of
the alloy arises from the discontinuity in the electron
density that occurs at the interface between dissimilar
atoms when atoms A and atoms B are brought together.
This difference in electron density Anws leads to a
positive contribution to the energy of the alloy. In the
same way as for the previous contribution this can be
written as Q(Anws)?, so that the equation for the for-
mation enthalpy of alloys of two transition metals
becomes:

AH oc —Pe(AD*)2 + Q(Anws)2. (1)

As before [5], Q is regarded as a constant for a group
of alloys and nws is the density of electrons at the
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boundary of the atomic cell. The quantity AH is of
course determined not only by these two terms, but
also by the total number of atoms and the concentra-
tion of A and B atoms present.

In the earlier article 51 the validity of equation (1)
was verified by comparing the sign of AH for combina-
tions of two metals, as found from the characteristics
of the phase diagram (see also fig. 3) with the values of
A D* and Anws for a given combination. At constant
Pe and Q the sign of AH is found by comparing the
ratio (A @*/Anws) with (Q/Pe)t. If (AD*/Anws) is
greater than this new constant, then AH is negative; in
the opposite case it is positive. These rules have been
found to be very reliable. By dividing the alloys into
large groups (such as alloys of two transition metals,
alloys of transition metals with alkali and alkaline-
earth metals or of transition metals with the noble
metals Cu, Ag and Au), the value of (Q/Pe)* appro-
priate to each group could be found.

What has changed in the description? We have
noted [6] that equation (1) is incomplete in the sense
that the constant Q in fact contains a factor nws—*%.
Now for small Anws the term (Anws)2/nws® is equiv-
alent to 9 (Anws*)2, as can be seen by differentiating
and squaring Anws*. Equation (1) thus becomes:

AH oc —Pe(AD*)2 + Qo (Anws). o)

What exactly is the change? A parameter that was
first called Anws is now called Anws?, but the descrip-
tion in terms of two contributions remains essentially
the same. Nevertheless equation (2) is a considerable
advance on equation (1). If we repeat the analysis of the
sign of AH in terms of A®* and Anws? for various
types of alloys, we find that the value of A &*/Anws*
for which AH becomes zero — this is equal to (Qo/Pe)*
— is identical for alloys of all kinds. In other words,
whereas the ratio Qo/Pe was initially a parameter that
had to be empirically determined separately for each
group of combinations of two metals, it has not become
a kind of natural constant.

This statement is expressed in more detail in fig. 3,
in which all the data on the sign of AH for alloys of two
transition metals and those of one transition metal and
one of the metals Li, Na, K, Rb, Cs, Ca, Sr, Ba, Cu, Ag
and Au are included. The figure is self-explanatory. A
straight line gives an almost perfect division between

[3) R. Hiltgren, P. D. Desai, D. T. Hawkins, M. Gleiser and
K. K. Kelley, Selected values of the thermodynamic proper-
ties of binary alloys, Amer. Soc. for Metals, Metals Park,
Ohio, 1973.

41 The prednctlons of heats of formation given in this article
were arrived at in cooperation with Dr F. R. de Boer of the
University of Amsterdam and Dr R. Boom of the Hoogovens
research laboratories, ITmuiden.

51 A. R. Miedema, Philips tech. Rev. 33, 149, 1973,

(61 A.R.Miedema, R. Boom and F. R. de Boer, J. less- -common
Met. 41, 283, 1975, and 46, 67, 1976.
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the systems for which AH is negative and those for
which AH is positive. The slope of the straight line
corresponds to the value of (Qo/Pe)t.

The universal validity of relation (2) is additionally
underlined by the results of an analysis of the heats of
mixing of liquid metals, published by R. Boom et al.t").
Boom and his colleagues analysed the sign of AH for
liquid alloys.in the manner illustrated in fig. 3 and
obtained excellent agreement with the straight line
drawn in fig. 3, for liquid alloys of transition metals,
of transition metals with the alkali or the noble metals
and for alloys of two non-transition metals.

Other changes that have been made in the model
since the previous article are less far-reaching. It was
already known that a third, negative contribution
occurs in the heat of formation of alloys of transition
metals with polyvalent non-transition metals (see
fig. 1). This contribution, a substantial one, was
introduced as an extra constant, to be added to equa-
tion (1), which did not depend very much on which of
the transition metals combined with which of the p
metals. By changing to (2), which, including the extra
negative contribution R, becomes

AH o {—Pe(A ®*) + Qo(Anws*)2 — R},  (3)

and again using the fact that (QoPe)t is a ‘true’ con-
stant, it becomes possible to achieve greater accuracy
in determining the value of R. Fig. 4 gives the result of
the analysis of the sign of AH for combinations of
transition metals with p metals. Relation (3) corre-
sponds to a hyperbola: the intersection with the hor-
izontal axis is a measure of the value of R. It appears
that this value varies somewhat with the number of
p electrons available to the non-transition metal; R is
smaller for the divalent than for the tetravalent and
pentavalent non-transition metals. The refinement
introduced here with regard to the value of R/P
obviously leads to a more accurate description and to
better predictions of AH.

To arrive at a quantitative prediction of AH it
remains to determine the value of P and the depen-
dence on the atomic concentrations. Details of this will
‘be found in the earlier article [51. It should be noted
that in principle the contact area between dissimilar
atoms is measured for the concentration dependence;
it is important here whether the A and B atoms differ
very considerably in size or not. Fig. 5 shows the curve
of the concentration dependence in the case where A
and B are the same size; fig. 6 gives an example of a
marked difference in size.

The values of P and of the parameters @ * and nws*
of the elements, which differ in a few cases from those
given in the previous article, can be found from the
literature [61,
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Fig. 3. Test of relation (3) for the solid alloys of two transition

metals and those of one transition metal and one of the alkali,

alkaline-earth or noble metals. Each binary system gives one

point in the diagram, with the coordinates A®* and Anwsl/3.

4 There are no compounds in the system and the solubilities of
A in B and of B in A are both less than 10 %. It can safely be
assumed that AH has the positive sign.

— There are compounds or phases with an ordered structure
in the system that are stable at low temperatures. It may be
assumed that AH is negative.

O There are no compounds or ordered phases in the system,
but at least one of the solubilities in the solid state is greater
than 10%,. It can be postulated that AH will not differ much
from zero. The figure does indeed show that the open circles
mainly occur in the neighbourhood of the origin, which, in
the quadratic equation (2), means that AH is small.

® As for the open circles, but now the solubility drops to low
values at low temperature or there is only incomplete miscibil-
ity in the solid state, although both metals have the same
crystal structure. The quantity AH would be expected to have
a small but positive value.

The results of the model description are predictions
for AH of, for example, ordered intermetallic com-
pounds in a freely chosen concentration ratio. Repre-
sentative results can be seen in Table I, which gives
values of AH (in kJ/g.at) for the 1:1 compounds of
transition metals. In some cases there are no com-
pounds for this concentration ratio, certainly not when
AH is positive. For other concentrations an estimate of
the heat of formation can be made with the aid of
Table I and the average concentration dependence of
AH as depicted in fig. 5. For the heat of solution in
dilute alloys, there is a difference corresponding to a
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Fig. 4. Determination of the constant R (in fact
R/ Qo) in relation (3) for alloys in which a tran- Zn,Cd,Hg Al,Ga,In,T!
sition metal is combined with a non-transition 2V B
metal with p electrons. Systems for which AH
is negative (there are then stable compounds) A @ * -
are separated from those for which AH is posi- - __ -
tive (no compounds, small solubility) by a - A - ==
hyperbola. For all four groups the same value - _ _#ﬁl_ —==-
of Qof/Pe applies: that of fig. 3. It can be seen _—_7 - +
that the value of R gradually increases with the Te= -- -5 - - - = [+
number of valence electrons of the p metal. = - === - .
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factor of roughly 2.5 between AH(AB) and AH(A in B),
denoted by AHA0.

The calculated values of AH as a function of the
atomic concentration ratio lie on a continuous line
(fig. 5). However, this is only approximately true for
experimental values. Energy contributions that depend
on the crystal structure are not, it is true, very great,
but it is these that are significant when it is a question
of which compounds in a system are going to be

0 1

—Cy

Fig. 5. The solid line indicates the concentration dependence of
the heat of formation for a series of ordered compounds in a
binary system A-B. A H% is the heat of solution of A in solvent B.
In this example it is assumed that atoms A and B are the same
size. : ) .

formed. By way of example, fig. 6 compares exper
imental and calculated values of Ni-Th, Co-Th and
Rh-Th. In all cases the Th atom is considerably larger
than the partner atoms, and this has the effect of
shifting the minimum in AH slightly from the 50/50
composition towards an excess of small atoms. The
measure of agreement between calculation and exper-
iment gives an idea of the accuracy that can be expected
from the predictions in Table 1.

What do we learn from the heat of formation ?

The single number used in Table I for characterizing
a combination of two metals nevertheless gives a
relatively detailed indication of what will happen on
the fusion of these metals. The largest negative values
that occur go down to —100 kJ/g.at, and the largest
positive values are in the region of 4100 kJ/g.at. What
does such a value signify ? The large negative effect for
the combination Pt-Zr, for example, tells us that these
elements will react very violently, so violently indeed
that the fusion of these metals in considerable quanti-
ties might well be dangerous. The specific heat of solids
and liquids lies in the region of 3R per gram atom (R
is the gas constant, equal to 8.3 J). A heat of reaction
of 100 kJ/g.at thus implies that the temperature could

7]

R. Boom, F. R. de Boer and A. R. Miedema, J. less-common
Met. 45, 237, 1976.
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Table I. Model calculation of

A. R. MIEDEMA
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the heats of formation of Sc Ti V Cr Mn Fe Co Ni Y Zr Nb Mo Tc Ru Rh
intermetallic compounds AB
of transition metals (A) with 3d metals
transition metals, alkali and
! : Sc 4+ 8 410 + 1 —12 —17 —42 —55 + 14+ 54 24 +15 —57 —64 — 89 —
a{ka(‘;gge'zi}{”‘}snfn‘i‘fb]'(‘};“e;; Ti |+ 8 —3—13 —16 —28 —47 —57 4+ 17— 0+ 4 — 6 —63 —71 — 86 —
?1skcai—419knspre§ic- v + 10 — 3 — 3 — 1 =11 =21 =27 +24 — 5 — 2 -0 —32 —37 — 44 —
tons of this for ate el C |+ 1 —13-—3 +3—-2—7—10 4+ 15 —17 — 11 + 1 —13 —17 — 20 —
ons o SO Mn [—12—-16—1+4+3 +0—8 —12 - 2 =23 — 747 —12 —16 — 24 —
available for other atomic Fe —17 —28 =11 — 2 + 0 — 1 — 2 - 236 —925—-3_5_17_ §—
concentrations (ABs ABy  co |- 42 —47-21 -7+ 8 -1 —0 —30—5 —38